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Part I

Real Analysis
The first part of this notes covers the most basic results from real analysis, it does not
seek to be comprehensive or original in the selection of the material, and it does not give
a treatment at the graduate level. The idea is instead to cover the theorems that are most
often encountered in the different graduate courses in economics, leaving further treatment
of them to a graduate level course in mathematics.

In order to maintain the presentation simple and to fix ideas on how the proofs work
almost all the material (until section 5) is presented for the special case of the real numbers,
and no mention is done of its topological properties. I introduce the basic concepts needed to
follow the derivations in the first section and then proceed to treat sequences in R continuity
of real functions and limits of sequences of real functions. After this I present the extension
of the main results to Rn and basic topology concepts. I skip a formal construction of the
set of real numbers because of little value added to the graduate courses in economics, as
well as differentiability and integrability of function because I consider the results on these
two topics to be well known and because their derivation follows closely that of continuity of
functions. I also avoid the treatment of series and their convergence, this is sometimes useful
in economics but time doesn’t allow to give a good coverage of this topic.

Overall I follow closely (almost verbatim) the presentation in Wade (2010). This book is
not at all a graduate level textbook, but I have chosen it because it presents all the material
that I consider relevant in a clear and approachable manner. The objective of this approach
to the material is to give the students the ability to read, understand and ultimately use more
advance textbooks when needed, without having to pay a high cost of entry to the concepts
of real analysis.
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1 Preliminaries

1.1 Distance

In almost all of the topics to be covered the concept of distance or size is present. In the real
numbers this concept is given by the absolute value, because of it I begin by defining it and
establishing some of its properties. Later on a more general treatment in terms of metrics
and inner products will be given.

Definition 1.1. (Absolute Value) Let a ∈ R then |a| =

{
a if a ≥ 0

−a if a < 0

Proposition 1.1. Let a ∈ R and M ≥ 0. |a| ≤M if and only if −M ≤ a ≤M .

Proof. To prove an if and only if one has to prove both implications:

i. If |a| ≤M then −M ≤ a ≤M .

Since |a| ≤M then by multiplying by −1 we get −M ≤ − |a|.

Case 1. a ≥ 0 then −M ≤ 0 ≤ a = |a| ≤M so −M ≤ a ≤M .

Case 2. a < 0 then −M ≤ − |a| = a ≤ 0 ≤M so −M ≤ a ≤M .

We have then proven the implication in all possible cases.

ii. If −M ≤ a ≤M then |a| ≤M .

Case 1. a ≥ 0 then |a| = a ≤M .

Case 2. a < 0. Note that since −M ≤ a we also have, −a ≤ M . This gives
|a| = −a ≤M .

Again, we have then proven the implication in all possible cases.

This completes the proof since both implications have been proven.

Proposition 1.2. The absolute value satisfies the following properties:

i. (Positive definiteness) ∀a∈R |a| ≥ 0, moreover, |a| = 0 if and only if a = 0.

ii. (Symmetry) ∀a,b∈R |a− b| = |b− a|

iii. (Triangle Inequalities)

∀a,b∈R |a+ b| ≤ |a|+ |b| ∧ |a| − |b| ≤ |a− b| ∧ ||a| − |b|| ≤ |a− b|

Proof. The properties are established one at time:
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i. (Positive definiteness) By definition if a > 0 then |a| = a > 0. If a < 0 then
|a| = −a > 0. Finally if a = 0 then |a| = a = 0. By the trichotomy property these are
all the possible cases. it is always the case the |a| ≥ 0 and |a| = 0 only if a = 0.

ii. (Symmetry) Let a, b ∈ R, either a = b, a > b or a < b. In the first case a−b = b−a = 0
and so are their absolute values. In the second case a − b > 0 so |a− b| = a − b =
− (b− a) = |b− a|. The third case is proven in the same way.

iii. (Triangle inequalities) Let a, b ∈ R.

(a) First note that for all x ∈ R it holds that |x| ≤ |x| so by Proposition 1.1:

− |a| ≤ a ≤ |a| ∧ − |b| ≤ b ≤ |b|

Summing the inequalities:

− (|a|+ |b|) ≤ a+ b ≤ |a|+ |b|

Then, again, by Proposition 1.1:

|a+ b| ≤ |a|+ |b|

(b) To prove this inequality note that:

|a| − |b| = |(a− b) + b| − |b|

Then by the inequality above:

|a| − |b| ≤ |a− b|+ |b| − |b| = |a− b|

which is the desired result.

(c) By Proposition 1.1 we need to verify:

− |a− b| ≤ |a| − |b| ≤ |a− b|

The RHS inequality is proven in the previous case. The left hand side follows in
the same way, note:

|b| − |a| ≤ |b− a| = |a− b|

by the second inequality and symmetry. Then by multiplying by −1 we get:

− |a− b| ≤ |a| − |b|

which is the desired result.

Now that we have defined the concept of absolute value we can show how it generalizes
to the concept of metric and norm in R.
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Definition 1.2. (Metric Space) A metric space is a set E, together with a metric (that is
a distance function) ρ : E × E → R such that for all x, y, z ∈ E it holds that:

i. ρ (x, y) ≥ 0 and ρ (x, y) = 0 if and only if x = y.

ii. ρ (x, y) = ρ (y, x)

iii. ρ (x, z) ≤ ρ (x, y) + ρ (y, z)

Remark 1.1. Note that the set R together with the function ρ (x, y) = |x− y| is a metric
space. The first property is satisfied because of positive definiteness, the second one is
equivalent is symmetry and the third one follows from the triangle inequality:

ρ (x, y) = |x− y| = |(x− z) + (z − y)| ≤ |x− z|+ |z − y| = ρ (x, z) + ρ (z, y)

Definition 1.3. (Normed Vector Space) A normed vector space is a vector space E,
together with a norm (that is a function) ‖·‖ : E → R such that for all x, y ∈ E and a ∈ R
it holds that:

i. ‖x‖ ≥ 0 and ‖x‖ = 0 if and only if x = 0.

ii. ‖ax‖ = |a| ‖x‖

iii. ‖x+ y‖ ≤ ‖x‖+ ‖y‖

Remark 1.2. Note that the set R together with the function ‖x‖ = |x| is a normed vector
space. The first property is satisfied because of positive definiteness, the second follows from
the definition of the absolute value and the third one is the triangle inequality.

Although is not going to be directly useful in what follows I include here the definition of
a vector space:

Definition 1.4. (Vector Space) A vector space is a set E together with and addition and
a scalar multiplication operations such that E is closed under both:

∀x,y∈Ex+ y ∈ E ∀x∈E∀a∈Ra · x ∈ E

The operations have to satisfy the following properties:

i. x+ y = y + x

ii. (x+ y) + z = x+ (y + z)

iii. a · (x+ y) = a · x+ a · y

iv. (a+ b) · x = a · x+ b · x

v. (ab) · x = a · (b · x)

vi. ∃~0∈E∀x∈Ex+~0 = x ∧ 0 · x = ~0

vii. 1 · x = x
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1.2 Sup and Inf

Another topic that will be visited in the following sections is that of the supremum and
infimum of a set. This is of particular relevance when talking about optimization. I start by
defining formally what they are.

Definition 1.5. (Supremum) Let E ⊆ R and E 6= ∅.

i. E is said to be bounded above if and only if ∃M∈R∀a∈Ea ≤M .

ii. A number M ∈ R is said to be an upper bound for E if and only if ∀a∈Ea ≤M .

iii. A number s ∈ R is called the supremum of E if and only if:

(a) s is an upper bound of E

(b) for all M ∈ R, if M is an upper bound of E, then s ≤M

In what follows we denote the supremum of E by s = supE. We will denote supE =∞
if E fails to be bounded above.

Proposition 1.3. A set E ⊆ R has only one supremum.

Proof. If E has no upper bound then supE =∞ and is unique. Assume E is bounded above
and suppose for a contradiction that there exist numbers s1 6= s2 that are both supremums
of E. By definition they are both upper bounds so it must be that:

s1 ≤ s2 ∧ s2 ≤ s1

by the trichotomy property this implies s1 = s2 which is a contradiction. So it must be that
s1 = s2.

A useful property of the supremum is its approximation property.

Proposition 1.4. Let E ⊆ R such that supE <∞ .

∀ε>0∃a∈E supE − ε < a ≤ supE

Proof. Suppose for a contradiction that the implication doesn’t hold. That is:

∃e>0∀a∈Ea ≤ supE − e

So supE − e is an upper bound for E, then it must be that the supremum is lower than or
equal to it:

supE ≤ supE − e

which implies e ≤ 0. But this is a contradiction since e > 0 by assumption. So the implication
holds.
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Remark 1.3. Its easy to see that if E ⊆ N and its bounded above then supE ∈ E. Just use
the approximation property and set ε < 1.

The definition and approximation property for the infimum can be inferred easily from
the above treatment. We now proceed to establish some properties of the real numbers that
use the infimum and supremum.

Theorem 1.1. (Archimedean principle) Given positive real numbers a and b, there exists
an integer n ∈ N such that b < na.

Proof. If b < a then set n = 1 and the result follows. If a < b define the set E =
{k ∈ N|ka ≤ b}. We know that E 6= ∅ since 1 ∈ E. Since a > 0 it follows that k ≤ b/a
for all k ∈ E, so E is bounded above. Then E has a supremum, but since E ⊆ N we know
supE ∈ E. Let n = supE + 1, clearly n /∈ E since its larger than supE, so by definition
na > b as desired.

Theorem 1.2. (Density of the rationals) If a, b ∈ R and a < b then there exists q ∈ Q
such that a < q < b.

(the strategy of the proof is to find how much space is there between a and b, then we can
locate a fraction that varies in units less than that space.

Proof. By assumption b− a > 0, then by the Archimedean principle there exists n ∈ N such
that n (b− a) > 1. Note that this implies that 1/n < b− a.

Case 1. b > 0. Consider the set E = {k ∈ N|b ≤ k/n}, this is set is nonempty by the
Archimedean principle. Since E ⊆ N then it has a least element (naturals are
bounded below and ordered), let this element be k0. Set m = k0 − 1 and q = m/n.
Note that m /∈ E this can happen in two ways, either m ≤ 0 or m/n < b, in either
case q < b.
Finally note that:

a = b− (b− a) ≤ k0

n
− (b− a) <

k0

n
− 1

n
=
m

n
= q

which gives the inequality: a < q < b.

Case 2. b ≤ 0. Choose by the Archimedean principle k ∈ N such that k + b > 0. By the
first case there exists r ∈ Q such that k + a < r < k + b. Let q = r − k, clearly
q ∈ Q and a < q < b.

The last property talks about the monotonicity of sets in R.

Proposition 1.5. Let A,B ⊂ R and A,B 6= ∅ and A ⊆ B then:

i. If supB <∞, then supA ≤ supB.

ii. If inf B > −∞, then inf A ≥ inf B.
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Proof. Since A ⊆ B any upper bound of B is an upper bound of A, inf particular supB is
an upper bound for A, it then follows from the definition of supremum that supA ≤ supB.
Clearly −A ⊆ −B, then, by the first part sup (−A) ≤ sup (−B). Note that inf A =
− sup (−A), so the result follows:

inf A = − sup (−A) ≥ − sup (−B) = inf B
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2 Sequences in R

2.1 Limits

Sequences and their limits will be used extensively to build the concept of continuity. A
sequence is a function f : N → R so that for each n ∈ N there is a real number xn = f (n).
Its common to represent the sequence by its values {xn} instead of the function that generates
them. What interests us is to determine if as n→∞ the numbers xn approach a fixed point
a. Formally:

Definition 2.1. (Convergent Sequence) A sequence {xn} is said to converge to a real
number a (xn → a) if and only if:

∀ε>0∃N∀n≥N |xn − a| < ε

a is called the limit of xn.

Proposition 2.1. A sequence {xn} has at most one limit.

Proof. Suppose for a contradiction that {xn} has two limits a and b such that a 6= b. Then
by definition for ε > 0 there exists natural numbers N1 and N2 such that|xn − a| ≤ ε/2 if
n ≥ N1 and |xn − b| ≤ ε/2 if n ≥ N2. Then for n ≥ N = max {N1, N2} both conditions hold.
Using the triangle inequality:

|a− b| = |(a− xn) + (xn − b)| ≤ |a− xn|+ |xn − b| < ε

Since ε was arbitrarily chosen we have, for all ε > 0 it holds that |a− b| < ε which implies
a = b, a contradiction.

A sequence might not converge and this can happen in different ways, one that will be
useful to characterize is when the sequence diverges, formally this is:

Definition 2.2. (Divergent Sequence) A sequence {xn} can diverge to +∞ or −∞:

i. {xn} is said to diverge to +∞ if and only if:

∀M∈R∃N∈N∀n≥Nxn > M

We denote this by xn → +∞.

ii. {xn} is said to diverge to −∞ if and only if:

∀M∈R∃N∈N∀n≥Nxn < M

We denote this by xn → −∞.

Since a sequence has infinitely many terms one could think on sequences made from
selection of terms of an original sequence, formally these selections are called subsequences.
They are specially useful when there are properties that a selection of the sequence satisfies,
but that are not satisfied or difficult to prove for the whole sequence.
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Definition 2.3. (Subsequence) A subsequence {xnk} of a sequence {xn} is a sequence
indexed by k ∈ N such that for nk < nk+1. This means that the sequence xnk selects
elements of xn without repetition and maintaining the order of the original sequence.

Note that nk is in itself a sequence (in the natural numbers) and that it is strictly in-
creasing, so as k → ∞ so does nk. Thus if xn is approaching a number when n is ’large’ so
will xnk .

Proposition 2.2. Let {xn} be a sequence and {xnk} any subsequence. IF xn → a as n→∞
then xnk → a as k →∞.

Proof. Let ε > 0, since xn → a there exists N such that |xn − a| <∞ for all n > N .
Now note that since nk < nk+1 it must hold that k ≥ nk (this can be formally shown by

induction), then let K = N , for k ≥ K it holds that nk ≥ k ≥ N , so by the hypothesis:
|xnk − a| < ε for all k > K.

Since this holds for arbitrary ε the convergence of {xnk} is established.

A sequence of real numbers can drift in the space, but some of them are bounded in the
sense that their elements are never larger (or lower) than a certain value. This concept is
made precise below:

Definition 2.4. (Bounded Sequence) Let {xn} be a sequence of real numbers:

i. {xn} is said to be bounded above if and only if ∃M∈R∀nxn ≤M .

ii. {xn} is said to be bounded below if and only if ∃m∈R∀nxn ≥ m.

iii. {xn} is said to be bounded if and only if ∃C∈R |xn| ≤ C.

Note now that if a sequence is converging its values are approaching a given number,
so after a certain index N the sequence is bounded by a limxn + e for some e > 0. The
values before N form a finite list and therefore have a maximum. These two facts are used
to establish the following proposition.

Proposition 2.3. Every convergent sequence is bounded.

Proof. Let {xn} be a convergent sequence such that xn → a and consider ε = 1. By as-
sumption of convergence there exists N such that |xn − a| < ε for n ≥ N . By the triangle
inequality:

|xn| − |a| ≤ |xn − a| < 1

So for n ≥ N |xn| < |a| + 1 and for n < N |xn| ≤ M = max {|x1| , . . . , |xN−1|}. Let
C = max {|a|+ 1,M}, we have proven that ∀n |xn| < C , so {xn} is bounded.

The converse to this proposition is clearly false since not all bounded sequences converge
(think of an alternating sequence). But there is a partial converse provided by the Bolzano
Weierstrass Theorem which will be established later. For now we turn to establish some
properties of limits of sequences. The same properties and proofs will be extended to functions
when covering continuity of real valued functions.
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Theorem 2.1. (Squeeze) Let {xn}, {yn} and {wn} be real sequences.

i. If xn → a and yn → a and there exists N0 ∈ N such that xn ≤ wn ≤ yn for n ≥ N0

then wn → a.

ii. If xn → 0 and yn is bounded then xnyn → 0.

Proof. We prove each statement separately:

i. Let ε > 0, by convergence of xn and yn there exists two numbers Nx and Ny such that

|xn − a| ≤ ε ∧ |yn − a| < ε

for n ≥ N = max {Nx, Ny, N0}. By Proposition 1.1 these inequalities imply:

a− ε < xn < a+ ε ∧ a− ε < yn < a+ ε xn ≤ wn ≤ yn

Joining we get:
a− ε < xn ≤ wn ≤ yn < a+ ε

Which by Proposition 1.1 implies |wn − a| < ε for all n ≥ N , thus proving convergence.

ii. Let ε > 0 and C a bound for yn, then there exists N ∈ N such that |xn| ≤ ε/C for all
n ≥ N . Then |xnyn − 0| = |xn| |yn| ≤ |xn|C < ε thus proving convergence.

The last two results make clear that when talking about convergence only the behavior
of the sequence for large n matters, since the beginning of the sequence can be conveniently
dropped when needed.

A common practice is to construct a sequence that converges to a certain point of rele-
vance, like boundary point of a set or the supremum of it. The following proposition shows
that this can always be done for the supremum or infimum of a set (provided it is finite), it
is also true that it can be done with a boundary point but the result is postponed until the
concept of openness of a set is discussed.

Proposition 2.4. E ⊂ R and supE < ∞. Then there exists a sequence {xn} such that
xn ∈ E for all n and xn →∞.

Proof. For each n ∈ N consider ε = 1
n
, by the property of approximation to supremum

(Proposition 1.4) there exists w ∈ E such that supE − ε < w ≤ supE, let this w be called
wn. So the sequence {wn} satisfies supE − 1

n
< wn ≤ supE. Note that xn = supE − 1

n

and yn = supE are sequences that satisfy xn → supE and yn → supE, so by the squeeze
theorem we get the result wn → supE and wn ∈ E for all n.

Limits of sequences are known for being well behaved in the sense that they respect the
basic arithmetic operations.

Proposition 2.5. Let {xn} and {yn} be convergent sequences and α ∈ R a number. Then:
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i. lim (xn + yn) = lim xn + lim yn

ii. lim (αxn) = α limxn

iii. lim (xnyn) = (lim xn) (lim yn)

iv. If yn 6= 0 and lim yn 6= 0 then lim xn
yn

= limxn
lim yn

Proof. For the proof let xn → x and yn → y:

i. Let ε > 0 as before there is a number N ∈ N such that |xn − x| < ε
2
and |yn − y| < ε

2
,

so by the triangle inequality:

|(xn + yn)− (x+ y)| ≤ |xn − x|+ |yn − y| < ε

for all n ≥ N , thus proving convergence of (xn + yn)→ (x+ y).

ii. Note that is equivalent to show that αxn → αx or that (αxn − αx) → 0, but the
sequence zn = α (xn − x) converges to zero since (xn − x)→ 0 and α is bounded.

iii. Note that since {xn} and {yn} converge they are bounded. What we want to show is
that (xnyn − xy)→ 0. Note that:

xnyn − xy = xn (yn − y) + (xn − x) y

Since xn is bounded and yn−y → 0 then xn (yn − y)→ 0 and similarly (xn − x) y → 0.
Then by part one their sum converges to zero as well proving the result.

iv. We first prove the following result: if yn → y then 1
yn
→ 1

y
.

First note that if {yn} is bounded and non-zero there exists c, C ≥ 0 such that c ≤
|yn| ≤ C Then 1

C
≤
∣∣∣ 1
yn

∣∣∣ ≤ 1
c
, so

{
1
yn

}
is a bounded sequence.

Now note that since yn → y for any ε > 0 there exists N such that |yn − y| ≤ c |y| ε for
n ≥ N , and that

∣∣∣ 1
yn
− 1

y

∣∣∣ = |yn−y|
|yn||y| . Because of boundedness we get:∣∣∣∣ 1

yn
− 1

y

∣∣∣∣ =
|yn − y|
|yn| |y|

≤ |yn − y|
c |y|

< ε

Proving convergence. Then the result follows by applying previous result on multipli-
cation to xn and 1

yn
.

A final property of limits is that they respect order in the following sense:

Proposition 2.6. Let {xn} and {yn} be convergent sequences such that there exists N0 ∈ N
for which if n ≥ N0 then xn ≤ yn. Then limxn ≤ lim yn.

14



Proof. Suppose for a contradiction that xn ≤ yn for n ≥ N0 but limxn > lim yn. Since both
sequences converge there exists an N > N0 such that |xn − limxn| < ε and |yn − lim yn| < ε
for ε = limxn−lim yn

2
> 0. Using Proposition 1.1:

xn > limxn − ε ∧ lim yn + ε > yn

Note that:
limxn − ε =

limxn + lim yn
2

= lim yn + ε

So joining:
xn > yn

which contradicts the assumption. So the result holds.
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2.2 Theorems

In this subsection I cover three important results in real analysis, namely the monotone
convergence theorem, the Bolzano-Weierstrass theorem and the completeness of R. These
theorems talk about conditions to establish convergence of a series in R.

The monotone convergence theorem establishes that a monotone and bounded sequence is
necessarily convergent. To get this result we first define formally monotonicity of a sequence.

Definition 2.5. (Monotone Sequence) Let {xn} be a sequence of real numbers.

i. {xn} is said to be increasing if and only if x1 ≤ x2 ≤ . . ..

ii. {xn} is said to be decreasing if and only if x1 ≥ x2 ≥ . . ..

iii. {xn} is said to be monotone if and only if its either increasing or decreasing.

Clearly strictly increasing and strictly decreasing sequences are defined with the corre-
sponding strict inequalities. More importantly its not necessary for the sequence to be always
monotone, as before it suffices for a sequence to be monotone for ’large’ n.

Theorem 2.2. (Monotone convergence) If {xn} is monotone and bounded then xn → x
and |x| <∞.

Remark 2.1. Note that if a sequence is increasing it suffices to ask from it to be bounded
above, since it is immediately bounded below by x1. Similarly, if a sequence is bounded below
it suffices to ask from it to be bounded below since its bounded above by x1.

Proof. Suppose first that that {xn} is increasing and bounded above. Let E = {xn|n ∈ N}
be the set of all values of the sequence and x = supE. Since {xn} is bounded above there
exists C <∞ such that |xn| < C for all n, so C is an upper bound for E and thus x ≤ C <∞
by definition of supremum. Now let ε > 0, by the property of approximation to suprema
(Proposition 1.4) there exists N ∈ N such that

x− ε < xN ≤ x

Since {xn} is increasing xN ≤ xn for all n ≥ N , so x − ε < xn, moreover, since x is the
supremum of E, xn ≤ x for all n. So for all n ≥ N :

x− ε < xn < x

Since ε > 0:
−ε < xn − x < ε −→ |xn − x| < ε

proving convergence of xn to x.
The proof for a decreasing sequence bounded below follows the same step but using the

infimum of set E. It also follows directly from the fact that if {xn} is increasing then {−xn} is
decreasing and that inf {xn|n ∈ N} = sup {−xn|n ∈ N}, then by the first part of the theorem
we get the result.
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Before establishing the stronger result of the Bolzano-Weierstrass theorem we first need
to define the notion of nested sets and the nested interval property.

Definition 2.6. (Nested Intervals) A sequence of sets {In} is said to be nested if and
only if I1 ⊇ I2 ⊇ . . .

Proposition 2.7. If {In} is a nested sequence of nonempty, closed and bounded intervals
then

E =
⋂
n∈N

In = {x|∀nx ∈ In}

is nonempty.
Moreover, if |In| → 0 then E contains exactly one number.

Proof. Let In = [an, bn], since In is nested it must be that the sequence {an} is increasing
and bounded above by b1, similarly {bn} is a decreasing sequence bounded below by a1. By
the monotone convergence theorem an → a and bn → b, moreover since limits respect order
and an ≤ bn for all n it follows that a ≤ b, moreover an ≤ a ≤ b ≤ bn by construction. So
x ∈ E if and only if x ∈ [a, b]. (one direction of the claim is immediate, the second one can
be proven using the property of approximation to sup and inf).
IF |In| → 0 then bn − an → 0, so:

lim bn − lim an = 0 −→ b = a

which gives the result since E = [a, a] = {a}.

Now we can present the Bolzano-Weierstrass theorem, a partial converse to the bound-
edness of convergent sequences.

Theorem 2.3. (Bolzano-Weierstrass) Every bounded sequence has a convergent subse-
quence.

Proof. Let {xn} be a bounded sequence. Then there exists numbers a, b ∈ R such that
xn ∈ [a, b] for all n. Let I1 = [a, b], note that all I1 contains all the elements of the sequence,
let n1 = 1 so that xn1 = x1 ∈ I1.

Now consider the intervals I ′ =
[
a, a+b

2

]
and I ′′ =

[
a+b

2
, b
]
, clearly I1 = I

′ ∪ I ′′ and either
I
′ or I ′′ (or both) contain infinitely many elements of the sequence. Then let the interval

that still contains infinitely many elements of the sequence be I2 and pick n2 > n1 such that
xn2 ∈ I2. Note that the measure o the interval is now |I2| = a+b

2
.

Repeat this process to construct sequences of sets and natural numbers {Ik}, {nk} such
that Ik ⊃ Ik+1, |Ik| = a+b

2k
, nk < nk+1 and xnk ∈ Ik. All this properties can be verified

formally by induction.
Note that the sequence {Ik} is formed then by nested intervals and that |Ik| → 0, so there

exists a single element x ∈
⋂
Ik. Now we prove that the subsequence {xnk} converges to x,

note that for all k x ∈ Ik so:

0 ≤ |xnk − x| ≤ Ik =
b− a

2k

By the squeeze theorem |xnk − x| → 0 thus proving convergence.
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The final result presented here is that of completeness of the real numbers. The complete-
ness of a space relates convergent sequences with Cauchy sequences which will be defined
below. Not all spaces are complete, but completeness is particularly important to establish
the convergence of a sequence when its limit is not know, and later on to prove the contraction
mapping theorem.

Definition 2.7. (Cauchy Sequence) A sequence {xn} is said to be Cauchy if and only if:

∀ε>0∃N∈N∀n,m≥N |xn − xm| < ε

So a Cauchy sequence is characterized by having its elements closer together. The fol-
lowing proposition establishes that a convergent sequence is necessarily Cauchy. Intuitively
if the sequence is going towards its limit then its elements have to be close to it, and thus
close to each other.

Proposition 2.8. If {xn} is convergent then it is Cauchy.

Proof. Let x be the limit of {xn} and take ε > 0, then there exists N ∈ N such that for
n,m ≥ N :

|xn − x| <
ε

2
∧ |xm − x| <

ε

2
Then by the triangle inequality:

|xn − xm| = |(xn − x) + (x− xm)| ≤ |xn − x|+ |xm − x| < ε

Which proves that {xn} is Cauchy.

Now we prove the completeness of the real numbers.

Theorem 2.4. (Cauchy) Let {xn} be a sequence of real numbers. {xn} is convergent if
and only if {xn} is Cauchy.
Proof. Note that by the previous proposition we only need to prove that Cauchy sequences
converge.

We first prove that a Cauchy sequence is bounded. Let {xn} be Cauchy, then for ε = 1
there exists N such that |xN − xm| < 1 for all m ≥ N . Then by the triangle inequality:

|xm| − |xN | < |xN − xm| < 1 −→ |xm| < 1 + |xN |
Then {xn} is bounded by M = max {1 + |xN | , |x1| , |x2| , . . . , |xN−1|}.

Since {xn} is bounded it has a convergent subsequence by the Bolzano-Weierstrass theo-
rem. Let {xnk} be such subsequence and x its limit. Now let ε > 0 and note that, since {xn}
is Cauchy, there is a number N1 such that:

∀n,m≥N1 |xn − xm| <
ε

2

And since {xnk} is convergent there exists a number K2 such that:

∀k≥K1 |xnk − x| <
ε

2

So for k such that k ≥ K and nk ≥ N1 we have:

|xn − x| = |(xn − xnk) + (xnk − x)| ≤ |xn − xnk |+ |xnk − x| < ε

Note that this holds for all n ≥ N , thus proving convergence.
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2.3 LimSup and LimInf

Some properties of sequences can be further characterized in terms of the limit supremum
and limit infimum. These objects give information about the behavior of the sequence for
large n, that is, they are the limits of the supremum and infimum of the tail of the sequence.
More formally:

Definition 2.8. (Limsup Liminf) Let {xn} be a real sequence. The limit supremum and
limit infimum are extended real numbers such that:

lim supxn = lim
n→∞

(
sup
k≥n

xk

)
∧ lim inf xn = lim

n→∞

(
inf
k≥n

xk

)
These objects can also be constructed as follows: let {sn} and {tn} be sequences of

extended real numbers such that:

sn = sup
k≥n

xk = sup {xk|k ≥ n} ∧ tn = inf
k≥n

xk = inf {xk|k ≥ n}

Since the sets En = {xk|k ≥ n} satisfy En ⊇ En+1 by the monotone property of sup and inf
ew get sn ≥ sn+1 and tn ≤ tn+1, so the sequences are monotone but potentially not bounded.
If they are bounded by the monotone convergence theorem there are numbers s and t such
that sn → s and tn → t, if the sequences are unbounded then s or t are +∞ of −∞. By
definition s = lim sup xn and t = lim inf xn.

The following results are stated without a proof.

Proposition 2.9. Let {xn} be a sequence and s = lim supxn and t = lim inf xn. There are
subsequences {xnk} and {xnl} such that xnk → s as k →∞ and xnl → t as l→∞.

The proof of this proposition is carried out by cases since the s (or t) can be either equal
to +∞, −∞ or to a real number −∞ < s < +∞. The first two cases can be solved using
the squeeze theorem and the third case is requires more care and is approached using the
approximation property of supremum.

Proposition 2.10. Let {xn} be a sequence and x an extended real number. xn → x if and
only if x = lim sup xn = lim inf xn.

Proof. If xn → x then by proposition 2.2 all its subsequences converge to x. By the previous
proposition there are subsequences that converge to lim supxn and lim inf xn since sequences
can have at most one limit it must be that x = lim sup xn = lim inf xn.

Now assume that x = lim sup xn = lim inf xn holds. There are two cases:

Case 1. x = ±∞. wlog we consider x = ∞. Then it must be that for all M > 0 there is
a number N such that inf

k≥n
xk > M for all n ≥ N , since inf

k≥n
xk is a lower bound for

the set {xk|k ≥ n} it follows that xn > M for all n ≥ N , so xn →∞, proving the
result.
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Case 2. −∞ < x < ∞. Now we show that {xn} is Cauchy and hence, by completeness,
convergent. Let ε > 0 . Since lim (supxn) = x and lim (inf xn) = x there is an N
such that:

sup
k≥N

xk − x <
ε

2
∧ x− inf

k≥N
xk <

ε

2

The absolute value is dispensed with since the sequence {supxn} is decreasing and
the sequence {inf xn} increasing.
Now let m,n ≥ N and wlog let xn ≥ xm, we have:

|xn − xm| = xn − xm = (xn − x) + (x− xm) ≤
(

sup
k≥N

xk − x
)

+

(
x− inf

k≥N
xk

)
< ε

Thus proving that {xn} is Cauchy and convergent. But we know by the previous
proposition that there are subsequences that converge to lim supxn = x, so by
proposition 2.2 all subsequences and the sequence has to converge to x.

This finishes the proof

Its clear that the limsup is greater than or equal that elements of a sequence for large n,
in the same way the liminf is lower than or equal. This gives the following property.

Proposition 2.11. Let {xn} be a real sequence and {xnk} a subsequence. If xnk → x then

lim inf xn ≤ x ≤ lim supxn

The next property follows from the same fact.

Proposition 2.12. A sequence {xn} is bounded above if and only if lim supxn < ∞ and
bounded below if and only if lim inf xn > −∞.

Finally the limsup and liminf respect inequalities:

Proposition 2.13. Let {xn} and {yn} be sequences such that xn ≤ yn for large n, then:

lim inf xn ≤ lim inf yn ∧ lim supxn ≤ lim sup yn
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3 Continuity on R

3.1 Limits

Here we study the behavior of a real functions, functions whose domain and range are subsets
of the real numbers. It is first necessary to define the limit of a function at a point, this is,
to what value does a function tends to when its evaluated near a point in the domain.

Definition 3.1. (Limit of a Function) Let a ∈ R and I an open interval that contains a.
Let f be a real function defined on I(except possible at a). f (x) is said to converge to y as
x→ a if and only if:

∀ε>0∃δ>00 < |x− a| < δ −→ |f (x)− y| < ε

We write y = lim
x→a

f (x).

This definition of the limit of a function resembles that of the limit of a sequence, in fact
one would think that if there is a sequence {xn} such that xn → a then it should follow that
f (xn)→ a as n→∞. This leads to the sequential characterization of limits.

Theorem 3.1. (Sequential characterization of limits) Let a ∈ R and I an open interval
that contains a. Let f be a real function defined on I(except possible at a). f has a limit at
a
(
y = lim

x→a
f (x)

)
if and only if f (xn) → y for all sequence {xn} such that xn ∈ I\ {a} and

xn → a.

Proof. Suppose y = lim
x→a

f (x) and let ε > 0, then there exists δ > 0 such that

0 < |x− a| < δ −→ |f (x)− y| < ε

Let {xn} be such that xn ∈ I\ {a} and xn → a, then there exists N such that |xn − a| < δ
for n ≥ N , then it holds that:

|f (xn)− y| < ε

for all n ≥ N . This proves that f (xn)→ y, for all {xn} such that xn → a.
To prove the converse suppose that f (xn)→ y, for all {xn} such that xn → a. Suppose for

a contradiction that y 6= lim
x→a

f (x), then there exists ε0 > 0 such that for all δ the implication
above doesn’t hold. In particular for each n ∈ N there is a value xn ∈ I\ {a} such that for
δn = 1

n
:

0 < |xn − a| < δn ∧ |f (xn)− y| ≥ ε0

As n → ∞ we have δn → 0, so by the squeeze theorem the sequence {xn} converges to a.
Then by assumption f (xn)→ y, which implies that there exists N such that |f (xn)− y| < ε0
for all n ≥ N . But by construction |f (xn)− y| ≥ ε0 for all n. This is a contradiction.

This last theorem is of great importance since it allows to extend all the results obtained
for sequences of real numbers to limits of functions. For instance:
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Proposition 3.1. Let a ∈ R and I an open interval that contains a. Let f and g be real
functions defined on I(except possible at a). If f (x) and g (x) converge as x→ a, then so do
the functions (f + g) (x), (fg) (x), (αf) (x) and (f/g) (x) (when the limit of g (x) is nonzero).
In fact:

i. lim
x→a

(f + g) (x) = lim
x→a

f (x) + lim
x→a

g (x).

ii. lim
x→a

(fg) (x) =
(

lim
x→a

f (x)
)(

lim
x→a

g (x)
)
.

iii. lim
x→a

(αf) (x) = α
(

lim
x→a

f (x)
)
.

iv. lim
x→a

(f/g) (x) = lim
x→a

f(x)/ lim
x→a

g(x).

Other properties of sequences, like the squeeze theorem and the limit of an inequality
can also be extended to functions. The proof just requires to call the equivalent theorem for
sequences.

Proposition 3.2. Let a ∈ R and I an open interval that contains a. Let f , g and h be real
functions defined on I(except possible at a). Then:

i. If g (x) ≤ h (x) ≤ g (x) for all x ∈ I\ {a} and lim
x→a

f (x) = lim
x→a

g (x) = y then lim
x→a

h (x) =
y.

ii. If |g (x)| < M for all x ∈ I\ {a} and f (x)→ 0 as x→ a then lim
x→a

f (x) g (x) = 0.

And,

Proposition 3.3. Let a ∈ R and I an open interval that contains a. Let f and g be real
functions defined on I(except possible at a). If f and g have limits as x→ a and g (x) ≤ f (x)
for all x ∈ I\ {a} then lim

x→a
g (x) ≤ lim

x→a
f (x).

There are functions that cannot be defined in an open interval, to handle them its useful
to define one-sided limits.

Definition 3.2. (One Sided Limits) Let a ∈ R.

i. A function f is said to converge to y when x approaches a from the right if and only if
f is defined on some open interval I with left endpoint a and

∀ε>0∃δ>0a < x < a+ δ −→ |f (x)− y| < ε

Then we write y = lim
x→a+

f (x).

ii. A function f is said to converge to y when x approaches a from the left if and only if
f is defined on some open interval I with left endpoint a and

∀ε>0∃δ>0a− d < x < a −→ |f (x)− y| < ε

Then we write y = lim
x→a−

f (x).
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Proposition 3.4. lim
x→a

f (x) = y if and only if lim
x→a+

f (x) = lim
x→a−

f (x) = y.

Proof. If lim
x→a

f (x) = y then for any ε > 0 there exists δ such that 0 < |x− a| < δ −→
|f (x)− y| < ε. But in particular, if x is such that a < x < a+ δ then 0 < |x− a| < δ, so by
the implication |f (x)− y| < ε, proving lim

x→a+
f (x) = y. In the same way:

a− δ < x < a −→ 0 < |x− a| < δ −→ |f (x)− y| < ε

so we have lim
x→a−

f (x) = y.

To prove the converse let lim
x→a+

f (x) = lim
x→a−

f (x) = y. Then for ε > 0 there are δ1 and δ2

such that
a < x < a+ δ1 −→ |f (x)− y| < ε

and
a− δ2 < x < a −→ |f (x)− y| < ε

So for δ = min {δ1, δ2} it holds that if x is such that 0 < |x− a| < δ then either the first
statement or the second one hold, thus |f (x)− y| < ε, proving that lim

x→a
f (x) = y

23



3.2 Continuity

The definition of continuity is basically that a function coincides with its limit at every
point. Since some functions are only defined when approaching a point from one direction
the definition must take that into account.

Definition 3.3. (Continuous Function) Let E ⊆ R and E 6= ∅ and f : E → R. f is said
to be continuous at a point a ∈ E if and only if:

∀ε>0∃δ>0 |x− a| < δ ∧ x ∈ E −→ |f (x)− f (a)| < ε

f is said to be continuous on E if and only if it is continuous at every x ∈ E.
Note that the definition includes x ∈ E as part of the hypothesis for the implication, this

takes care of the one sided limits. The definition also makes clear the following result.

Proposition 3.5. Let I be an open interval that contains a point a and f : I → R a function.
f is continuous at a ∈ I if and only if

f (a) = lim
x→a

f (x)

Proof. For δ small |x− a| < δ implies x ∈ I, then the condition for continuity is the same as
that for the limit of a function.

What is important about the previous result is that it allows for a sequential characteri-
zation of continuity in much the same way as that for limits.

Proposition 3.6. Let E ⊆ R and E 6= ∅ and f : E → R. f is continuous at a ∈ E if and
only if for all sequence {xn}, if xn ∈ E and xn → a then f (xn)→ f (a).

Among other things the last two results will make possible to extend results obtained for
sequences and limits to continuous functions. For instance:

Proposition 3.7. Let E ⊆ R and E 6= ∅, and f, g : E → R functions. If f and g are
continuous then so are f + g, αf and f/g if g (x) 6= 0 for x ∈ E.

Note that the proof of this results just calls upon that of limits of functions.
Finally a result on composition of functions is presented.

Definition 3.4. (Composition of Functions) Suppose A,B ⊆ R and f : A → R and
g : B → R. If f (A) ⊆ B then the composition of g with f is the function g ◦ f : A → R
defined by:

(g ◦ f) (x) = g (f (x))

The main result about composition of functions is that the limit and the composition can
be interchanged if the functions are continuous. Formally:

Proposition 3.8. Suppose A,B ⊆ R and that f : A→ R and g : B → R with f (A) ⊆ B.
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i. If A = I\ {a}, where I is a non-degenerate interval that either contains a or has it as
an endpoint, and L = lim

x→a
f (x) exists and belong to B, and g is continuous at L ∈ B,

then:
lim
x→a

(g ◦ f) (x) = g
(

lim
x→a

f (x)
)

ii. If f is continuous at a ∈ A and g is continuous at f (a) ∈ B then g ◦ f is continuous
at a.

Proof. Suppose xn ∈ I\ {a} and xn → a. Since f (A) ⊆ B then f (xn) ∈ B. By sequential
characterization of limits f (xn) → L. Finally since g is continuous at L it follows that
g (f (xn)) = (g ◦ f) (xn) → g (L) = g

(
lim
x→a

f (x)
)
. Then appealing to the sequential charac-

terization of limits again the proof is completed. To prove the second part replace L by f (a)
and use continuity.
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3.3 Theorems

Now we proceed to establish two properties of continuous functions, the extreme value the-
orem and the intermediate value theorem. The first one is of particular importance for the
application to optimization below.

First the concept of boundedness of a function is formalized.

Definition 3.5. (Bounded Function) Let E ⊆ R. A function f : E → R is said to be
bounded on E if and only if

∃M∈R∀x∈E |f (x)| ≤M

The extreme value theorem establishes that a continuous function on a closed and bounded
interval is always bounded. This result will be interpreted later meaning that a continuous
function on a compact set attains its maximum and its minimum.

Theorem 3.2. (Extreme value) If I is a closed and bounded interval and f : I → R a
continuous function on I, then f is bounded on I, moreover if

M = sup
x∈I

f (x) ∧ m = inf
x∈I

f (x)

then there exist points xm, xM ∈ I such that:

f (xM) = M ∧ f (xm) = m

Proof. Suppose for a contradiction that f is not bounded, then there exists xn ∈ I such that
|f (xn)| > n for all n ∈ N. Since I is bounded we know by the Bolzano-Weierstrass theorem
that there exists a subsequence {xnk} such that xnk → a as k → ∞, since a is closed we
know that a ∈ I (since limits respect inequalities and xnk is in the interval). Then f (a) ∈ R,
in particular f (a) < ∞, but taking limits on |f (xnk)| > nk we get |f (a)| = ∞ which is a
contradiction. Then f has to be bounded.

Since f is bounded then M and m are finite. To prove that there exists xM ∈ I such that
f (xM) = M suppose for a contradiction that f (x) < M for all x ∈ I. Then the function

g (x) =
1

M − f (x)

is continuous (by composition of functions, sum and scalar multiplication). By the first part
it must also be bounded on I. Then there exists C > 0 such that:

|g (x)| = g (x) ≤ C

which implies:

f (x) ≤M − 1

C

for all x ∈ I. But this contradicts M being the supremum since M − 1
C

is an upper bound
and is lower than M .

The existence of xm is established in a similar fashion.
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The final result to be presented treats a ’smoothness’ property of continuous functions,
intuitively one can see that a condition to be continuous is not to have jumps. This intuition
gives rise to the following two results, the first one establishes that a continuous function
does not change its behavior abruptly and the second one that it does not skip any values
when going to one point to another.

Theorem 3.3. (Sign preserving property) Let f : I → R where I is an open and
non-degenerate interval. If f is continuous at x0 ∈ I and f (x0) > 0 then:

∃ε,δ>0 |x− x0| < δ −→ f (x) > ε

Proof. Let ε = f(x0)/2 > 0, by continuity there is δ > 0 such that |x− x0| < δ then
|f (x)− f (x0)| < ε, then by proposition 1.1:

−f (x0)

2
< f (x)− f (x0) <

f (x0)

2

which implies from the left inequality:

0 < ε =
f (x0)

2
< f (x)

which is the desired result.

Theorem 3.4. (Intermediate value theorem) Let I be a non-degenerate interval and
f : I → R continuous on I. If a, b ∈ I with a < b, and y0 lies in between f (a) and f (b) then
there is an x0 ∈ (a, b) such that f (x0) = y0.

Proof. wlog suppose that f (a) < y0 < f (b) and consider the set E = {x ∈ [a, b] |f (x) < y0},
since a ∈ E and E ⊂ [a, b] then E is nonempty and bounded, hence it admits a supremum,
call it x0, clearly x0 ∈ [a, b], moreover x0 6= a and x0 6= b.

Case 1. x0 6= a. To prove this suppose for a contradiction that x0 = a, then it must be
that E = {a}, so f (x) ≥ y0 for all x ∈ (a, b]. Then let xn = a+ 1/K+n, for K large
enough so that a+ 1/K+1 ≤ b. It follows that xn → a, and by continuity of f that
f (xn) → f (a). Yet for all n it holds that f (xn) ≥ y0 > f (a), then since limits
respect inequalities: lim f (xn) > f (a), a contradiction. So x0 6= a.

Case 2. x0 6= b. To prove this suppose for a contradiction that x0 = b, then it by the
property of approximation to supremum there is a sequence xn ∈ E such that
xn → b, so by continuity f (xn) → f (b), but since xn ∈ E it also holds that
f (xn) < y0 < f (b), since limits respect inequalities lim f (xn) = f (b) ≤ y0 < f (b),
which is a contradiction. So x0 6= b.

Now it is left to establish that f (x0) = y0. By the property of approximation to supremum
there is a sequence xn ∈ E such that xn → x0. Since f (xn) < y0 and f is continuous it holds
that f (x0) ≤ y0. Equality is shown by contradiction.

Suppose f (x0) < y0. Then y0 − f (x) is continuous and its value at x = x0 is positive.
By the sign preserving property we can choose ε and δ > 0 such that |x− x0| < δ implies
y0−f (x) > ε. But this contradicts x0 being the supremum since x′ ∈ (x0, x0 + δ) satisfies the
hypothesis and thus f (x) < y0, so x ∈ E but x > x0. Then it must be that f (x0) = y0.
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The intermediate value theorem has special importance in economics since it allows,
among other things, to guarantee the existence of an equilibrium. This is done through an
immediate consequence of the theorem:

Corollary 3.1. Let I be a non-degenerate interval and f : I → R continuous on I. If a, b ∈ I
with a < b, and f (a) f (b) < 0 then there exists a x0 ∈ (a, b) such that f (x0) = 0.

This corollary is not only useful to guarantee existence of equilibrium but also to guarantee
solutions to root finding problems in broader settings.
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3.4 Uniform continuity and equicontinuity

Sometimes it is necessary to establish stronger versions of continuity, in the definition of
continuity above for each ε one needs to find a particular δ for which the continuity condition
holds, this gives room for behavior in the function that is sometimes undesirable.

One (stronger) version of continuity is that of uniform continuity. In contrast to continuity,
uniform continuity is not defined at a point but directly on a set, formally:

Definition 3.6. (Uniform Continuity) Let E ⊆ R be nonempty and f : E → R. Then f
is said to be uniformly continuous on E if and only if:

∀ε>0∃δ>0 |x1 − x2| < δ −→ |f (x1)− f (x2)| < ε

Note that the previous version of continuity fixed a point in the domain and asked that
if another point was close to it, then the image was close to the image of the former point.
Uniform continuity asks that if any two points are no more than δ away from one another
then their images cannot be more than ε away.

Clearly any uniformly continuous functions is also continuous, just by fixing x2 = a, but
not all continuous functions are uniformly continuous, the key to find a counterexample is to
note that uniform continuity demands that the images of points that are close together are
also close. This translates in R to a statement about the slope of the function, if it is too
steep then the images will be far apart. So a function that is unbounded lends itself well for
the counterexample.

Example 3.1. Consider f (x) = lnx on (0, 1].
f is clearly continuous. Let ε > 0 then we want |lnx− ln a| < ε which is satisfied if

max {x/a, a/x} < eε, for x > a then x < aeε so 0 < x − a < aeε − a, for x < a then ae−ε < x
so ae−ε − a < x − a < 0. Let δ = min (a (1− e−ε) , a (eε − 1)), then by proposition 1.1 if
|x− a| < δ we have a (e−ε − 1) ≤ −δ < x − a < δ ≤ a (eε − 1) which implies from above
|lnx− ln a| < ε.

f is not uniformly continuous. Suppose it is, let ε > 0 then there is δ for which the uniform
continuous continuous condition holds. Then let x ∈ (0, 1) and x′ = x+min {1− x, δ}. clearly∣∣x− x′∣∣ ≤ δ so

∣∣lnx− lnx
′∣∣ < ε but

∣∣lnx− lnx
′∣∣ = ln x

′

x
= ln

(
1 + min{1−x,δ}

x

)
. Then there

is an x ∈ (0, 1) such that
∣∣lnx− lnx

′∣∣ > ε:

ln

(
1 +

min {1− x, δ}
x

)
= ε+ 1

min {1− x, δ}
x

= eε+1 − 1

Then
x =

δ

eε+1 − 1
∨ x =

1

eε+1

Both this values are in (0, 1).

Another (better) example is:
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Example 3.2. Consider f (x) = x2 on R. Suppose f is uniformly continuous and let δ be
such that:

|x1 − x2| < δ −→ |f (x1)− f (x2)| < 1

By the Archimedean principle there is n such that δn > 1, let x2 = n and x1 = n + δ
2
, so

they satisfy the hypothesis. Then:

1 >

∣∣∣∣f (n+
δ

2

)
− f (n)

∣∣∣∣ = n2 + nδ +
δ2

4
− n2 = nδ +

δ2

4
> nδ > 1

which is a contradiction.

These examples relied on the fact that the functions were unbounded on the specified
domain. If a function is continuous and is defined on a closed and bounded interval then it
is also bounded. It would seem then that such functions will also be uniformly continuous
on those intervals. The following result formalizes this.

Proposition 3.9. Suppose that I is a closed and bounded interval. If f : I → R is continuous
on I, then f is uniformly continuous on I.

Proof. Suppose for a contradiction that f is not uniformly continuous, so:

∃ε>0∀δ>0∃x1,x2 |x1 − x2| < δ ∧ |f (x1)− f (x2)| > ε

In particular for δ = 1/n there are points xn and yn such that |xn − yn| < 1/n and |f (xn)− f (yn)| >
ε. Then we have sequences {xn} and {yn} on I, by the Bolzano-Weierstrass theorem {xn}
has a convergent subsequence {xnk} and {ynk} has a convergent subsequence

{
ynkj

}
. Since

xnk → x we also have xnkj → x , so the two subsequences converge, then by the squeeze
theorem we get |xn − yn| → 0 and since the absolute value is a continuous function we get
xn − yn → 0 which implies that x = y and f (x) = f (y), but |f (xn)− f (yn)| > ε for all n,
so we have a contradiction.

Finally we note that there is a strong link between uniform continuity and Cauchy se-
quences:

Proposition 3.10. Let E ⊆ R and f : E → R be uniformly continuous on E. If xn ∈ E is
Cauchy then so is f (xn).

Proof. Let ε > 0 then by uniform continuity there is δ > 0 such that∣∣∣x− x′∣∣∣ < δ −→ |f (x)− f (x)| < ε

Since {xn} is Cauchy there is N such that for n,m ≥ N we have |xn − xm| < δ, then we get:
|f (xn)− f (xm)| < ε for all n,m ≥ N . This proves that {f (xn)} is Cauchy.

Equicontinuity is a different concept since it does not treat a function but instead a family
of functions. The idea is that for a given ε there is a single δ for which all members of the
family satisfy the uniformly continuous condition.

Definition 3.7. A family of functions F defined on a set E is equicontinuous if and only if:

∀ε>0∃δ>0∀f∈F |x1 − x2| < δ −→ |f (x1)− f (x2)| < ε
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4 Sequences of Functions
Consider now a space of function. That is, a space in which its elements are not numbers
but functions. One can take then a sequence of these functions and ask if the sequence is
converging to another function. To do this it is first necessary to establish what it means
for two functions to be close. Here we treat two ways of establishing this convergence and
(briefly) discuss their implications for how the properties of the functions in the sequence are
passed (or not) to the limiting function. The first is pointwise convergence and the second
one is uniform convergence, both are important in economics (and in statistics).

Definition 4.1. (Pointwise Convergence) Let E ⊆ R be nonempty. A sequence of
functions fn : E → R is said to converge pointwise on E if and only if the limit lim fn (x) =
f (x) exists for all x ∈ E.

Note that in the definition f (x) is just denoting the limit of fn (x) for a fixed x, yet this
definition allows to say when a sequence of functions {fn} converges to a function f :

Definition 4.2. (Pointwise Convergence) Let E ⊆ R be nonempty. A sequence of
functions fn : E → R is said to converge pointwise to a function f if and only if:

∀x∈E∀ε>0∃N∀n≥N |fn (x)− f (x)| < ε

In pointwise convergence the number N for which a sequence is close (ε away) to the limit
is allowed to vary with the point at which the function is evaluated (x), in uniform convergence
this condition is strengthened so that there is a number N for which the functions in the
sequence are close to the limit for all point in the domain. Formally:

Definition 4.3. (Uniform Convergence) Let E ⊆ R be nonempty. A sequence of func-
tions fn : E → R is said to converge uniformly to f if and only if:

∀ε>0∃N∀n≥N∀x∈E |fn (x)− f (x)| < ε

A further characterization of uniform convergence is given by its relation to Cauchy
sequences. Intuitively since the functions fn are going close to f for all x they must be also
close to each other. This is made formal below:

Theorem 4.1. (Uniform Cauchy criterion) Let E ⊆ R be nonempty and fn : E → R a
sequence of functions. fn converges uniformly on E if and only if:

∀ε∃N∀n,m≥N∀x |fn (x)− fm (x)| < ε

Proof. Suppose first that fn → f uniformly and let ε > 0, then there exits N such that for
n,m ≥ N :

|fn (x)− f (x)| < ε

2
∧ |fm (x)− f (x)| < ε

2

for all x ∈ E. Then by the triangle inequality:

|fn (x)− fm (x)| ≤ |fn (x)− f (x)|+ |f (x)− fm (x)| < ε
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establishing that {fn} is Cauchy on E.
Now suppose that the condition above holds, then for each x ∈ E the sequence of numbers

{fn (x)} is Cauchy and by completeness of the real numbers it converges to a number f (x).
Now consider:

|fn (x)− fm (x)| < ε

For a given x this holds, also, since the absolute value and the sum are continuous functions
and limits respect inequalities we have:

lim
m→∞

|fn (x)− fm (x)| < ε∣∣∣fn (x)− lim
m→∞

fm (x)
∣∣∣ < ε

|fn (x)− f (x)| < ε

Since this holds for all n ≥ N and all x ∈ E we have established uniform convergence of fn
to f .

Clearly if a sequence of functions converges uniformly it also converges pointwise, and the
converse is not true, the reason for strengthening the definition of convergence is that most
properties of the functions of the sequence are not transferred to the limit under pointwise
convergence but they are under uniform convergence. For example the pointwise limit of
continuous or differentiable functions is not necessarily continuous or differentiable.

Example 4.1. Let fn (x) = xn defined on E = [0, 1], then for all x ∈ [0, 1) we have fn (x)→ 0
and fn (1)→ 1, so the limits exist hence fn is convergent the limiting function is then:

f (x) =

{
0 if x ∈ [0, 1)

1 if x = 1

While fn (x) = xn is clearly continuously differentiable on E, f (x) is discontinuous at 1 and
hence also fails to be differentiable there.

Moreover, even when the limiting distribution is differentiable or integrable the limit of
the derivate or the integral need not coincide with the derivate or integral of the limiting
function.

Example 4.2. Let fn (x) = xn/n defined on [0, 1], then fn (x)→ 0 pointwise on E so f (x) = 0.
The derivative of fn is f ′n (x) = xn−1 and thus f ′n (1)→ 1 but f ′ (x) = 0 for all x ∈ E, so:

lim
n→∞

f
′

n (x) 6=
(

lim
n→∞

fn (x)
)

Uniform convergence allows to get the results we wanted. Continuity is preserved as
proven in the following proposition.

Proposition 4.1. Let E ⊆ R be nonempty and fn → f uniformly on E. If fn is continuous
at some x0 ∈ E then f is also continuous at x0.
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Proof. Let ε > 0 and choose N such that if n ≥ N then:

|fn (x)− f (x)| < ε

3

for all x ∈ E. Since fN is continuous choose δ > 0 such that:

|x− x0| < δ −→ |fN (x)− fN (x0)| < ε

3

Now by the triangle inequality, if |x− x0| < δ we have:

|f (x)− f (x0)| = |(f (x)− fN (x)) + (fN (x)− fN (x0)) + (fN (x0)− f (x0))|
≤ |f (x)− fN (x)|+ |fN (x)− fN (x0)|+ |fN (x0)− f (x0)|
< ε

where the first and last elements are bounded by uniform convergence and the middle one
by continuity.

Corollary 4.1. Let E ⊆ R be nonempty and fn → f uniformly on E. If fn is continuous
on E then f is also continuous on E.

Uniform continuity also preserves boundedness of functions. In particular under uniform
convergence the boundedness of the individual functions of the sequence can be extended to
uniform boundedness.

Definition 4.4. (Uniformly Bounded Functions) A sequence of functions {fn} is said
to be uniformly bounded if and only if there exists M ∈ R such that |fn (x)| < M for all n
and all x.

Proposition 4.2. Let {fn} be a sequence of bounded functions, if fn → f uniformly then
{fn} is also uniformly bounded and f is bounded.

Proof. First prove that f is bounded. Since fn → f uniformly it also converges pointwise,
so there exits N such that:

|fN (x)− f (x)| < 1

Using the triangle inequality:

|f (x)| < 1 + |fN (x)| ≤ 1 +MN

where the second inequality follows from fn being bounded. Then |f (x)| is bounded by
1 +MN .

To prove that {fn} is uniformly bounded note that by uniform convergence there is an N
such that:

|fn (x)− f (x)| < 1

for all n ≥ N , and by the triangle inequality:

|fn (x)| − |f (x)| < 1
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which implies
|fn (x)| < 1 +Mf

whereMf is the bound of f , which is exists by the first part of the proof. Because of uniform
convergence this bound works for all x, and all n ≥ N . Letting Mn be the bound of function
fn we have that

M = max {M1,M2, . . . ,MN−1, 1 +Mf}

is a bound for all fn. This establishes the result.

Uniform convergence also allows to interchange integrals and derivatives:

Proposition 4.3. Suppose that fn → f uniformly on a closed interval [a, b]. If fn is integrable
on [a, b] then f is also integrable and:

lim

∫ b

a

fn (x) dx =

∫ b

a

lim fn (x) dx

Proposition 4.4. Let (a, b) be a bounded interval and suppose that fn converges at some
x0 (as in pointwise convergence for a given point). If fn is differentiable for all n and f ′n
converges uniformly on (a, b) then there exists f such that fn → f uniformly and:

lim f
′

n (x) = (lim fn (x))
′

Proof. Let c ∈ (a, b) and define:

gn (x) =

{
fn(x)−fn(c)

x−c if x 6= c

f
′
n (c) if x = c

clearly
fn (x) = fn (c) + (x− c) gn (x)

• We first prove that gn converges uniformly on (a, b). Let ε > 0 and n,m ∈ N and x 6= c.
By the mean value theorem there is number ξ between x and c such that:

gn (x)− gm (x) =
(fn (x)− fm (x))− (fn (c)− fm (c))

x− c
= f

′

n (ξ)− f ′m (ξ)

Since
{
f
′
n

}
converges uniformly, by the uniform Cauchy criterion there is an N such

that for n,m ≥ N :
|gn (x)− gm (x)| =

∣∣∣f ′n (ξ)− f ′m (ξ)
∣∣∣ < ε

this holds for all x 6= c, but also for x = c since then gn (c) = f
′
(c). Note that this is

the definition of {gn} being uniformly convergent.

• Now we prove that fn converges uniformly. Recall that

fn (x) = fn (c) + (x− c) gn (x)
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Let c = x0 which gives:

|fn (x)− fm (x)| = |(fn (x0)− fm (x0)) + (x− x0) (gn (x)− gm (x))|
≤ |fn (x0)− fm (x0)|+ |x− x0| |gn (x)− gm (x)|
≤ |fn (x0)− fm (x0)|+ |b− a| |gn (x)− gm (x)|

Since fn (x0) converges by hypothesis, we know by completeness of the real numbers
that for ε > 0 there is a number N1 such that for n,m ≥ N1:

|fn (x0)− fm (x0)| < ε

2

and by uniform convergence of gn there is a number N2 such that for n,m ≥ N2:

|gn (x)− gm (x)| < ε

2 (b− a)

Joining, for n,m ≥ max {N1, N2} we have:

|fn (x)− fm (x)| < ε

establishing uniform convergence of fn by the uniform Cauchy criterion.

• Now fix c ∈ (a, b) and let f and g be the limits of {fn} and {gn}. We want to show
that f ′ (c) = lim f

′
n (c), since c is arbitrary this gives the desired result.

Note that by definition gn is continuous at c then g is continuous at c by proposition
4.1. Since gn (c) = f

′
n (c) we can write:

lim
n→∞

f
′

n (c) = lim
n→∞

gn (c) = g (c) = lim
x→c

g (x)

But we also have:

f (x)− f (c)

x− c
= lim

n→∞

fn (x)− fn (c)

x− c
= lim

n→∞
gn (x) = g (x)

Then:
(lim fn (c))

′
= f

′
(c) = lim

x→c

f (x)− f (c)

x− c
= lim

x→c
g (x)

This completes the proof since we can join equalities to get:

lim
n→∞

f
′

n (c) = lim
x→c

g (x) = (lim fn (c))
′
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5 Topology of Rn

5.1 Definitions

The final topic in real analysis is to study the basic concepts that cover the topology of Rn,
with few exceptions the results obtained before will extend trivially and wont be presented.
The focus is on the the definition and properties of open/closed sets and their properties and
relation with continuity. To start with the formal treatment a notion of a norm in Rn will
be given.

Definition 5.1. (Norm) A norm is a function ‖·‖ : Rn → R such that:

i. For all x ∈ Rn it holds that ‖x‖ ≥ 0 and ‖x‖ = 0 if and only if x = 0.

ii. For all x ∈ Rn and α ∈ R it holds that ‖αx‖ = |a| ‖x‖.

iii. The triangle inequality holds in its two forms:

‖x+ y‖ ≤ ‖x‖+ ‖y‖ ∧ ‖x‖ − ‖y‖ ≤ ‖x− y‖

Note that the absolute value is a proper norm for R and that there are many possible
norms in Rn that are extensions of the absolute value:

• Euclidean norm: ‖x‖ = (x · x)
1/2 =

√
x2

1 + · · ·+ x2
n

• L1 norm: ‖x‖1 =
∑
|xk|

• Sup norm: ‖x‖∞ = max {|x1| , . . . , |xn|}

In what follows I will always use the norm as the Euclidean norm but most results are valid
for any arbitrary norm that satisfies the three conditions above. One useful property is the
Cauchy-Schwartz inequality:

Proposition 5.1. (Cauchy-Schwartz inequality) Let x, y ∈ Rn then |x · y| ≤ ‖x‖ ‖y‖
under the Euclidean norm.

Proof. First note that for any t ∈ R we have:

0 ≤ ‖x− ty‖2 = (x− ty) · (x− ty) = (x · x)−2t (x · y) + t2 (y · y) = ‖x‖2−2t (x · y) + t2 ‖y‖2

Then set t = x·y
‖y‖2 , note that this can only be done if y 6= 0. Then we have:

0 ≤ ‖x‖2 − (x · y)2

‖y‖2

(x · y)2 ≤ ‖x‖2 ‖y‖2

(x · y) ≤ ‖x‖ ‖y‖

When y = 0 the inequality holds as a equality trivially.
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Now to start with the topological properties of Rn its necessary to introduce the concept
of the ball, or neighborhood, which will allow us to talk about what is happening in the
surroundings of a point in the space.

Definition 5.2. (Open Ball) Let a ∈ Rn and ε > 0. The open ball centered at a with
radius ε is the set:

Bε (a) = {x ∈ Rn| ‖x− a‖ ≤ ε}

Note that this definition resembles a lot the one used for convergence of sequences and
continuity. One can define these concepts for Rn as follows:

Definition 5.3. (Convergence) A sequence {xk} in Rn is said to converge to a number
a ∈ Rn (xk → a) if and only if:

∀ε>0∃N∀k≥Nxk ∈ Bε (a)

It is said to be bounded if and only if:

∃M∈R∀k ‖xk‖ < M

And it is said to be Cauchy if and only if:

∀ε∃N∀k,m≥N ‖xk − xm‖ < ε

Definition 5.4. (Limit of Function) Let a ∈ Rn and I an open set that contains a. Let f
be a real function defined on I (except possible at a). f (x) is said to converge to y as x→ a
if and only if:

∀ε>0∃δ>0x ∈ Bδ (a) −→ f (x) ∈ Bε (y)

We write y = lim
x→a

f (x). This can also be expressed as follows:

∀ε∃δf (Bδ (a)) ⊆ Bε (y)

Or equivalently:
∀ε∃δBδ (a) ⊆ f−1 (Bε (y))

This trivial extension of the definitions is behind the extension of all the previous theorems
and propositions to the multidimensional case. The proof of these equivalence is left to be
proven below.

Now we introduce the definition of an open and a closed set:

Definition 5.5. (Open Set) A set V ⊆ Rn is said to be open if and only if:

∀x∈V ∃ε>0Bε (x) ⊆ V

Definition 5.6. (Closed Set) A set E ⊆ Rn is said to be closed if and only if Ec = Rn\E
is open.

Openness and closedness are preserved by standard set operations. The following prop-
erties are stated without proof:

37



Proposition 5.2. Let n ∈ N.

i. If {Vα}α∈A is any collection of open subsets of Rn then
⋃
α∈A

Vα is also open.

ii. If {V1, . . . , Vp} is a finite collection of open subsets of Rn then
p⋂

k=1

Vk is also open.

iii. If {Eα}α∈A is any collection of closed subsets of Rn then
⋂
α∈A

Eα is also closed.

iv. If {E1, . . . , Ep} is a finite collection of closed subsets of Rn then
p⋃

k=1

Ek is also closed.

v. If V is open and E is closed then V \E is open and E\V is closed.

Sets can also be called open or closed relative to a given subset of Rn, this is of particular
importance when dealing with functions that are not defined over the whole space. Then
we are only interested in the topological properties of its effective domain. The relevant
definitions are:

Definition 5.7. (Relatively Open/Closed Set) Let E ⊆ Rn. A set U is said to be
open/closed relative to E if and only if there is an open/closed set A such that U = E ∩ A.

The definition of relative openness allows us to treat a more interesting concept, that of
connectivity. This concepts characterizes when one can go between any two points of a set
without leaving it.

Definition 5.8. (Connected Set) Let E ⊆ Rn.

i. A pair of sets U, V is said to separate E if and only if U, V 6= ∅, they are relatively
open in E, E = U ∪ V and finally U ∩ V = ∅.

ii. A set E is said to be connected if and only if E cannot be separated by any pair of
relatively open sets U and V .

An easier condition to check to prove a set is not connected is if there are open sets A
and B such that E ∩ A 6= ∅, E ∩ B 6= ∅, E ⊆ A ∪ B and A ∩ B = ∅. Then set U = E ∩ A
and V = E ∩B.

Now we can turn to the definitions of interior and closure of a set which are, respectively
the largest open set contained in a set and the smallest closed set that contains it:

Definition 5.9. (Interior of a Set) Let E ⊆ Rn. The interior of E is:

E
o

=
⋃
{V |V ⊆ E ∧ V is open in Rn}

The closure is defined similarly as:

E =
⋂
{V |E ⊆ V ∧ V is closed in Rn}
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Clearly the following properties follow:
Remark 5.1. Let E ⊆ Rn then:

i. Eo ⊆ E ⊆ E.

ii. Eo
= E if and only if E is open.

iii. E = E if and only if E is closed.

A related concept is that of the boundary, as it name indicates its the part of the space
that is contact with both the set and its complement.

Definition 5.10. (Boundary of a Set) Let E ⊆ Rn. The boundary of E is defined as:

∂E = {x ∈ Rn|∀ε Bε (x) ∩ E 6= ∅ ∧ Bε (x) ∩ Ec 6= ∅}

The following result follows:

Proposition 5.3. Let E ⊆ Rn then ∂E = E\Eo.

Proof. The proof has two parts:

i. x ∈ E if and only if Bε (x) ∩ E 6= ∅ for all ε > 0

(a) Suppose for a contradiction that x ∈ E and that there is an ε such that Bε (x)∩E =
∅. Then (Bε (x))c is closed and moreover E ⊆ (Bε (x))c. Then by definition
of closure E ⊆ (Bε (x))c, so E ∩ Bε (x) = ∅ which implies x /∈ E, this is a
contradiction.

(b) We want to show ∀ε>0Bε (x) ∩ E 6= ∅ −→ x ∈ E which is equivalent to show that
x /∈ E −→ ∃ε>0Bε (x) ∩ E = ∅.
Suppose that x /∈ E, then x ∈ Ec which is open, so there exists a ε > 0 such that
Bε (x) ⊆ E

c. Note that Bε (x) ∩ E ⊆ Bε (x) ∩ E since E ⊆ E, and finally that
Bε (x) ∩ E = ∅ since Bε (x) ⊆ E

c.
Then we have found a ε > 0 such that Bε (x) ∩ E = ∅ for any arbitrary point
x /∈ E.

ii. x /∈ Eo if and only if ∀ε>0Bε (x) ∩ Ec 6= ∅.

(a) We want to show x /∈ E
o −→ ∀ε>0Bε (x) ∩ Ec 6= ∅ which is equivalent to

∃ε>0Bε (x) ∩ Ec = ∅ −→ x ∈ Eo .
Let ε > 0 be such that Bε (x) ∩ Ec = ∅, then it must be that Bε (x) ⊆ E, but
Bε (x) is open, hence Bε (x) ⊆ E

o , since x ∈ Bε (x) we get the result.
(b) We want to show ∀ε>0Bε (x) ∩ Ec 6= ∅ −→ x /∈ Eo

Suppose for a contradiction that ∀ε>0Bε (x) ∩ Ec 6= ∅ but x ∈ Eo . Since x ∈ Eo

there exists an open set V ⊆ E such that x ∈ V . Since V is open there exists
ε > 0 such that Bε (x) ⊆ V ⊆ E, so Bε (x) ∩ Ec = ∅, which is a contradiction.
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5.2 Sequences, closedness and compactness

There are many topological properties that are related to convergence of sequences, in partic-
ular closedness and compactness of a set will be determined by the behavior of sequences that
lie in the set. In order to establish these relations its best to characterize the link between
convergence in Rn and convergence in R, the following proposition establishes the main tool:

Proposition 5.4. Let a ∈ Rn and {xk} a sequence with xk ∈ Rn for all k. The jth element
of an element of the vectors a and xk are denoted a (j) and xk (j) respectively.

(xk → a) ⇐⇒ ∀j (xk (j)→ a (j))

Proof. Let j ∈ {1, . . . , n}, then:

0 ≤ |xk (j)− a (j)| ≤ ‖xk − a‖ ≤
√
n max
l∈{1,...,n}

{|xk (l)− a (l)|}

By the squeeze theorem xk (j)→ a (j) for all j if and only if the real sequence ‖xk − a‖ → 0.
But this happens in and only if xk → a. This completes the proof.

Using this proposition its possible to extend almost all the results established on R to
higher dimensional Euclidean spaces. I will then skip these theorems and results and con-
centrate in the ones relating convergence of sequences and topological properties of sets in
Rn. For this lets first define what a limit point is:

Definition 5.11. (Limit Point) Let E ⊆ Rn, x ∈ Rn is a limit point of E if and only
if for all ε > 0 there exists a point y ∈ E such that y 6= x and ‖y − x‖ < ε (equivalently
y ∈ Bε (x) \ {x}).

Remark 5.2. From the definition of a limit point is clear that one can also characterize them
as points x ∈ Rn such that there exists xk ∈ E\ {x} and xk → x.

Proposition 5.5. Let E ⊆ Rn. E is closed if and only if E contains all its limits points.

Proof. If E is empty the result is vacuously true. Wlog we assume E 6= ∅.

i. Suppose for a contradiction that E is closed, x is a limit point, but x /∈ E. Then, since
E is closed Ec is open and x ∈ Ec, so there exists ε > 0 such that Bε (x) ⊆ Ec. Since
x is a limit point there exists y ∈ E such that y ∈ Bε (x) and y 6= x. But this is a
contradiction since y ∈ E and y ∈ Bε (x) ⊆ Ec. Then it has to be that if E is closed
and x is a limit point, then x ∈ E.

ii. Suppose for a contradiction that E contains all of its limits points and that it is not
closed. Then Ec is not open and there exists a point x ∈ Ec such that for all ε the
ε-Ball centered in x is not contained in Ec, i.e. ∀εBε (x) ∩ E 6= ∅, so for all ε there is a
y ∈ E such that y ∈ Bε (x)∩E and since x /∈ E, y ∈ Bε (x) \x. Thus x is a limit point
of E, which implies by assumption that x ∈ E, a contradiction. Then it has to be that
if E contains all of its limits points the it is also closed.
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(a) Alternatively one can construct a convergent sequence in E with limit x: for
k = 1, 2, . . . we can define xk ∈ B1/k (x) ∩ E, note that xk 6= x and xk ∈ E for all
k. By construction xk → x, so x is a limit point.

This result is of great usefulness when dealing with closed sets, since they contain the
limit of all of their convergent sequences. A stronger result is obtained below for compact
sets, all of their sequences have a convergent subsequence whose limit is in the set. To get
to this result we first define formally what a compact set is:

Definition 5.12. (Compact Set) Let E ⊆ Rn.

i. An open covering of E is a collection {Vα}α∈A such that each Vα is open and E ⊆
⋃
α∈A

Vα.

ii. The set E is said to be compact if and only if every open covering of E has a finite
sub-cover.

What is behind the result for sequences is the Heine-Borel theorem, that allows for a
sharp characterization of compact sets in Euclidean spaces I state without proof:

Theorem 5.1. (Heine-Borel) Let E ⊆ Rn. E is compact if and only if E is closed and
bounded.

Corollary 5.1. If E ⊆ Rn is compact and xk ∈ E then there exists a subsequence {xkl} and
x ∈ E such that xkl → x as l→∞.

Proof. By the Heine-Borel theorem since E is compact it is also closed and bounded, then
{xk} is a bounded sequence. By the Bolzano-Weierstrass theorem xk has a convergent sub-
sequence, and by proposition 5.5 the limit belongs to E.

Some other facts of compact sets are listed below.

Proposition 5.6. If E ⊆ Rn is a compact set then it is closed.

Proposition 5.7. If E is a compact set and H ⊆ E is closed then H is compact.

Proof. When E ⊆ Rn the result follows directly from the Heine-Borel theorem, since E is
compact its bounded, so H is bounded an by hypothesis closed, hence compact.

For a general compact set E note the following: Let V = {Vα}α∈A be an open cover
of H. Note that Hc is open (since H is closed), then V ∪ Hc is an open cover of E (i.e.

E ⊆ Hc ∪
( ⋃
α∈A

Vα

)
). Since E is compact then there exists a finite set A0 such that

E ⊆ Hc ∪

( ⋃
α∈A0

Vα

)

But since H cannot be covered by Hc and H ⊆ E it follows that H ⊆
⋃

α∈A0

Vα. So {Vα}α∈A0

is a finite subcover for H. H is compact.
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5.3 Continuity and topology

As mentioned above open sets allow for new characterizations of continuous functions.

Proposition 5.8. Let n,m ∈ N and f : Rn → Rm. The following three conditions are
equivalent.

i. f is continuous on Rn.

ii. If V ⊆ Rm is open then f−1 (V ) is open in Rn.

iii. If E ⊆ Rm is closed then f−1 (E) is closed in Rn.

Proof. The proof is carried out by relating pairs of conditions.

i. f is continuous on Rn then preimages of open sets are open.

Let f be continuous and V ⊆ Rm open. If f−1 (V ) = ∅ then the implication is verified.
Suppose f−1 (V ) 6= ∅ then there exists a ∈ f−1 (V ). Since V is open there exists
ε > 0 such that Bε (f (a)) ⊆ V . Since f is continuous there exists δ > 0 such that
f (Bδ (a)) ⊆ Bε (f (a)), then f (Bδ (a)) ⊆ V and Bδ (a) ⊆ f−1 (V ), proving openness.

ii. If V ⊆ Rm is open then f−1 (V ) is open in Rn implies that If E ⊆ Rm is closed then
f−1 (E) is closed in Rn.
Let E be closed, then Ec is open, then f−1 (Ec) is open, then note that (f−1 (E))

c
=

f−1 (Ec), so f−1 (E) is closed.

iii. If E ⊆ Rm is closed then f−1 (E) is closed in Rn then f is continuous on Rn.
Let a ∈ Rn and ε > 0. Let E = (Bε (f (a)))c, E is a closed set, then f−1 (E) is closed
by hypothesis. As before: f−1 ((Bε (f (a)))c) = (f−1 (Bε (f (a))))

c, so f−1 (Bε (f (a)))
is open, since a ∈ f−1 (Bε (f (a))) by construction there is a δ > 0 such that Bδ (a) ⊆
f−1 (Bε (f (a))) which is equivalent to f (Bδ (a)) ⊆ Bε (f (a)) proving continuity.

From the proposition above we have that the inverse image of continuous functions pre-
serves openness and closedness, but the following examples show that it does not preserve
boundedness and connectedness.

Example 5.1. Let f (x) = 1
x2+1

and E = (0, 1]. Clearly f is continuous and E is bounded,
but f−1 (E) = (−∞,∞) is not.

Example 5.2. Let f (x) = x2 and V = (1, 4). Clearly f is continuous and E is connected,
but f−1 (E) = (−2,−1) ∪ (1, 2) is not.

Also it is important to note that the image of continuous functions is not as well behaved
as the preimage. The following examples make this clear:

Example 5.3. Let f (x) = x2 and V = (−1, 1). Clearly f is continuous and V is open, but
f (V ) = [0, 1) is neither open or closed.
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Example 5.4. Let f (x) = 1/x and E = [1,∞). Clearly f is continuous and E is closed, but
f (E) = (0, 1] is neither open or closed.

Despite these problems the image of a continuous functions does preserve compactness as
proven below.

Proposition 5.9. Let n,m ∈ N. If H ⊆ Rn is compact and f : H → Rm continuous, then
f (H) is compact in Rm.

Proof. By the Heine-Borel theorem it suffices to prove that f (H) is closed and bounded.
Let y be a limit point of f (H) then there exist {yk} such that yk ∈ f (H) and yk → y. By

definition of image, for each k, there exists xk ∈ H such that yk = f (xk). Since H is compact
there exists a convergent subsequence {xkl} such that xkl → x ∈ H, sine yk converges it must
be that f (xkl)→ y. By continuity

y = lim ykl = lim f (xkl) = f (limxkl) = f (x)

but since x ∈ H then y ∈ f (H), thus proving that f (H) contains all of its limit points.
Hence it is closed.

To prove boundedness suppose for a contradiction that f (H) is not bounded. Then
choose xk ∈ H such that ‖f (xk)‖ ≥ k for all k. As before there is a convergent subsequence
xkl → x ∈ H, since the norm and f are continuous we have:

‖f (x)‖ = ‖f (limxkl)‖ =∞

But since x ∈ H, f (x) ∈ Rm and thus ‖f (x)‖ <∞, this is a contradiction.

The image of a continuous function also preserves connectedness:

Proposition 5.10. Let n,m ∈ N. If H ⊆ Rn is connected and f : H → Rm continuous,
then f (H) is connected in Rm.

To finish consider this alternative proof of the extreme value theorem.

Theorem 5.2. (Extreme value theorem - Weierstrass) If H ⊆ Rn is compact and
f : H → R continuous, then:

M = sup {f (x) |x ∈ H} ∧ m = inf {f (x) |x ∈ H}

are finite real numbers. Moreover there exists points xM and xm such that M = f (xM) and
m = f (xm).

Proof. Consider the supremum. Since H is compact and f is continuous then f (H) is
compact, hence bounded, so M <∞. By the approximation property to the supremum one
can construct a converging sequence to M , since f (H) is closed then M ∈ f (H) then there
exists xM such that f (xM) = M .
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Part II

Convex Analysis
This part of the course aims to introduce basic concepts of convex analysis. As the rest of the
course it does not provide a deep account of the subject, instead the most relevant definitions
and some of the most used results are presented.

The definitions and basic properties of convex sets and hyperplanes are presented first,
this treatment follows mostly what is presented in the first part of Rockafellar (1997). The
treatment ends with a statement of the separating and the supporting hyperplane theorems,
most proofs here are omitted since they won’t add to the course and they are in general too
lengthly to be presented in detail.

Then convex and concave functions are defined and special attention is given to their con-
tinuity properties, establishing then the existence of directional derivatives and characterizing
convex and concave functions with their first and second derivatives. Finally quasi-convex and
quasi-concave functions are introduced and their most important properties are discussed.

This material is mostly based on chapters 7 and 8 of Sundaram (1996), extracting the
portions relevant for the results shown in Sections 13 and 15 below. The material is presented
before those topics are covered (changing the order with respect to Sundaram) because of its
similarity with the topics already covered in the Real Analysis section of the course. I also
introduce some other results and definitions from Rockafellar (1997), sections 1 to 3, trying
to maintain a unified notation and to keep the course as concise as possible.
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6 Convex sets
A convex set is a special kind of connected set whose elements can be joined with a straight
line. This property makes convex sets extremely well behaved and allows to strengthen results
previously outlined in the notes.

Definition 6.1. (Convex set) A set C in a vector space is convex if and only if for all
x, y ∈ C and λ ∈ (0, 1) it follows that λx+ (1− λ) y ∈ C.

It will be useful to define what a convex combination of elements is:

Definition 6.2. (Convex Combination) Let xi ∈ Rn for i = 1, . . . ,m and λi ≥ 0 such

that
m∑
i=1

λi = 1. The vector sum λ1x1 + . . . + λmxm is called a convex combination of the

elements {xi}. A special case obtains when m = 2.

The question arises if a convex set contains only the convex combinations of its elements
up to m = 2 or if it contains any convex combination. The answer is given by the following
characterization.

Proposition 6.1. A set C ⊆ Rn is convex if and only if it contains all the convex combina-
tions of its elements.

Proof. By definition of convexity the proposition holds for m = 2. For arbitrary m the result
is established by induction.

Let m > 2. The induction hypothesis states that any convex combination of m − 1
elements of C belongs to C. Now consider λ1, . . . , λm with λi ≥ 0 and

∑
λi = 1, it must

holds that at there is a λi 6= 1, let it be λ1. Now take x1, . . . , xm ∈ C and consider its convex
combination x = λ1x1 + . . .+ λmxm. We want to show that x ∈ C.

Define λ′j =
λj

1−λ1 for j ≥ 2 and y = λ
′
2x2 + . . . + λ

′
mxm. Clearly λ′j ≥ 0 and

∑
λ
′
j = 1,

then by the induction hypothesis y ∈ C. Note that x = λ1x1 + (1− λ1) y.
Now C is convex if and only if x = λ1x1 +(1− λ1) y ∈ C, since λ1 ∈ (0, 1) is arbitrary.

There are some convex sets of special importance, among them hyperplanes are used
frequently:

Definition 6.3. (Hyperplane) A set H ⊆ Rn is a hyperplane if and only if there exists
β ∈ R and b ∈ Rn such that H (b, β) = {x ∈ Rn|x · b = β}. Note that H has dimension n− 1
and that β and b are unique up to a common nonzero multiple.

Hyperplanes look like points in R, lines in R2 and planes in R3 and its clear that they
divide the whole space into two sides, these sides are called half-spaces.

Definition 6.4. (Half-Space) A hyperplane H ⊆ Rn characterized by β ∈ R and b ∈ Rn
generates the following two half spaces:

{x ∈ Rn|x · b ≤ β} ∧ {x ∈ Rn|x · b ≤ β}

Another type of convex set that is frequently encountered is the convex hull of a set. This
is the smallest convex set that contains a set, formally:
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Definition 6.5. (Convex Hull) Let E ⊆ Rn be an arbitrary set. The convex hull of E,
co (E), is defined as the intersection of all convex sets Ci such that E ⊆ Ci. By proposition
6.3 co (E) is convex.

Proposition 6.2. Let E ⊆ Rn, then co (E) = {x ∈ Rn|∃xi∈E∃λi≥0x =
∑
λixi ∧

∑
λi = 1}.

Proof. By definition the elements of E belong to co (E), E ⊆ co (E). Then by proposition
6.1 all convex combinations of the elements of E belong to co (E). This establishes{

x ∈ Rn|∃xi∈E∃λi≥0x =
∑

λixi ∧
∑

λi = 1
}
⊆ co (E)

To establish the other direction it suffices to show that the set of convex combinations of
the elements of E is convex. It follows that it is a convex set that contains E, it must be
smallest such set since removing any element will also remove convexity.

Let x = λ1x1 + . . . + λmxm and y = µ1y1 + . . . + µryr be two convex combinations with
xi, yi ∈ E. Consider γ ∈ (0, 1) and γx + (1− γ) y, and define γi = γλi for i = 1, . . .m and
γi = (1− γ)µi−m for i = m+ 1, . . . ,m+ r. Clearly γi ≥ 0 and

∑
γi = 1, then the sum

γx+ (1− γ) y = γixi + . . .+ γmxm + γm+1y1 + . . .+ γm+ryr

is a convex combination of elements of E, this proves convexity and finishes the proof.

This proposition allows to characterize a special type of convex hull:

Definition 6.6. (Simplex) A set C ⊆ Rn is an m-dimensional simplex if and only if it can
be expressed as co ({b1, . . . , bm}) for bi affinely independent. The vectors bi are called the
vertices of the simplex, and an element of the simplex is of the form λ1b1 + . . . + λmbm for
λi ≥ 0 and

∑
λi = 1.

Two important properties of convexity is that it is preserved under arbitrary intersection,
under sum of sets, scalar multiplication and translation :

Proposition 6.3. Let {Ci}i∈I where I is an arbitrary set of indexes, a ∈ Rn and α ∈ R.

i. Consider C =
⋂
Ci. If Ci is convex for all i then C is convex.

ii. Consider C = Ci + Cj. If Ci and Cj are convex then C is convex.

iii. Consider C = Ci + a . If Ci is convex then C is convex.

iv. Consider C = αCi. If Ci is convex then C is convex.

Proof. The proof follows from the definition of convexity.

i. Let x, y ∈ C =
⋂
Ci, then for all i it holds that x, y ∈ Ci, since Ci is convex it holds

that ∀λ∈(0,1)λx + (1− λ) y ∈ Ci, this is true for all i, then ∀λ∈(0,1)λx + (1− λ) y ∈ C
proving convexity.
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ii. Let x, y ∈ C then there exist xi, yi ∈ Ci and xj, yj ∈ Cj such that x = xi + xj and
y = yi+yj. Let λ ∈ (0, 1), then λx+(1− λ) y = (λxi + (1− λ) yi)+(λxj + (1− λ) yj).
Since Ci and Cj are convex λxi + (1− λ) yi ∈ Ci and λxj + (1− λ) yj ∈ Cj, then their
sum belongs to C proving convexity.

iii. Let x, y ∈ C, then x− a, y − a ∈ Ci, then for any λ ∈ (0, 1) we have λx + (1− λ) y =
λ (x− a) + (1− λ) (y − a) +a, by convexity of Ci λ (x− a) + (1− λ) (y − a) ∈ Ci, then
λx+ (1− λ) y ∈ Ci + a.

iv. Let x, y ∈ C, if α = 0 then x = y = 0 and C is convex. If α 6= 0 then x/α, y/α ∈
Ci. Let λ ∈ (0, 1) and consider λx + (1− λ) y = α (λx/α + (1− λ) y/α), by convexity
λx/α + (1− λ) y/α ∈ Ci, thus proving convexity since λx+ (1− λ) y ∈ αCi.

Corollary 6.1. Let bi ∈ Rn and βi ∈ R for i ∈ I, where I is an arbitrary index set. Then
the set:

C = {x ∈ Rn|∀ix · bi ≤ βi}

is convex.

Proof. It follows form C being the arbitrary intersection of half spaces.

This corollary is of special interest in economics since it implies that any system of linear
inequalities and equations has a convex solution set. This corollary can be generalized when
considering a set of the form

C = {x ∈ Rn|∀ifi (x) ≤ βi}

for fi a (proper) quasi-convex function.
Finally we deal with the use of hyperplanes to separate convex sets. It turns out that

one can always separate two convex sets whose (relative) interiors are disjoint. We first
define formally what it means to separate the sets and then we state an existence result that
guarantees separation. This result is of special use in economics to answer existence questions
on equilibrium prices (for general equilibrium theory) or optimal contracts.

Definition 6.7. (Separating Hyperplane) Let C1 ∈ Rn and C2 ∈ Rn be two sets. H =
{x ∈ Rn|x · b = β} is a separating hyperplane of C1 and C2 if and only if:

∀x∈C1x · b ≤ β ∧ ∀y∈C2y · b ≥ β

that is, if each set is contained in one of the half spaces induced by the hyperplane. The
separation is said to be strong if at least one of the inequalities holds strictly.

It turns out that a separating hyperplane exists if and only if ri (C1) ∩ ri (C2) = ∅, see
Rockafellar (1997, Thm 11.3, pp 97). The following two theorems make this precise, they
are taken from Sundaram (1996) but more detailed (and general) versions can be found in
Rockafellar (1997, Ch 11).
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Theorem 6.1. (Separating Hyperplane) Let C1, C2 ⊆ Rn be convex sets and x ∈ Rn.

i. If x /∈ C1, there exists b and β with ‖b‖ = 1 such that H (b, β) separates C1 and x
strongly.

ii. If C1 ∩ C2 = ∅, there exists b and β with ‖b‖ = 1 such that H (b, β) separates C1 and
C2 strongly.

(a) The condition can be relaxed to ri (C1) ∩ ri (C2) = ∅ but then separation is not
strong.

Proof. Sundaram (1996, sec 1.6.1, pp 56)

An important consequence of this theorem is the following dual representation of a closed
convex set.

Proposition 6.4. A closed convex set C is the intersection of the closed half-spaces that
contain it.

Proof. Wlog assume ∅ 6= C 6= Rn. Let a /∈ C, then by the separating hyperplane theorem
there exists a hyperplane such that C is contained in one of its half-spaces and a is not. Then
the intersection of half spaces containing C contains no points other than those in C.

One can see that this characterization involves choosing some hyperplanes that are ’tan-
gent’ to the set C, those that only touch C on its boundary. The formal definition of tangency
for convex sets is that of supporting hyperplane.

Definition 6.8. (Supporting Hyperplane) A hyperplane H (b, β) with b 6= 0 is a sup-
porting hyperplane of set C if and only if x · b ≤ β for all x ∈ C, and there exists x ∈ C such
that x · b = β. A supporting half-space is then a half-space generated by a supporting half
space.

Its clear that a supporting hyperplane has a close relation with a linear function (x · b)
taking a maximum on a set. Thus the supporting hyperplanes of a set can be characterized
with the support function of a set. The supporting hyperplane of a set C in direction b is:

H (b) = {x ∈ Rn|x · b = δ (b|C)}

Proposition 6.5. The closure of a convex set C is the intersection of its supporting half-
spaces.
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7 Convex and concave functions

7.1 Definitions

Convex sets give rise to convex and concave functions which are defined depending of the
properties of their epigraphs and subgraphs, these are:

Definition 7.1. (Epigraph and Subgraph) Let f : Γ→ R be a real valued function with
domain Γ ⊆ Rn. The epigraph and subgraph of f are sets in Rn × R of the form:

epif = {(x, y) ∈ Γ× R|y ≥ f (x)} subf = {(x, y) ∈ Γ× R|y ≤ f (x)}

Graphically the epigraph of f is the set above the values of f in the space Rn × R and
the subgraph the set below them.

Now its possible to define what a convex and a concave function are:

Definition 7.2. (Convex and Concave Functions) Let f : Γ → R be a real valued
function with domain Γ ⊆ Rn.

i. f is said to be convex if and only if epif is a convex set in Rn × R.

ii. f is said to be concave if and only if supf is a convex set in Rn × R.

iii. f is said to be affine if and only if f is convex and concave.

The following proposition gives another characterization of convex and concave functions
that allows to avoid the use of sets.

Proposition 7.1. Let Γ ⊆ Rn be a convex set and f : Γ→ R a function.

i. f is convex if and only if for all x, y ∈ Γ and λ ∈ (0, 1)

f (λx+ (1− λ) y) ≤ λf (x) + (1− λ) f (y)

ii. f is concave if and only if for all x, y ∈ Γ and λ ∈ (0, 1)

f (λx+ (1− λ) y) ≥ λf (x) + (1− λ) f (y)

Proof. I only prove the first statement of the proposition.

i. (If f is convex then f (λx+ (1− λ) y) ≤ λf (x) + (1− λ) f (y))
Let f be convex, then epif is a convex set, since (x, f (x)) ∈ epif and (y, f (y)) ∈ epif
it follows that for any λ ∈ (0, 1) it holds that (λx+ (1− λ) y, λf (x) + (1− λ) f (y)) ∈
epif . By the definition of epif we get the result:

f (λx+ (1− λ) y) ≤ λf (x) + (1− λ) f (y)
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ii. (If f (λx+ (1− λ) y) ≤ λf (x) + (1− λ) f (y) then f is convex)
To show that f is convex we must show that epif is convex. Let (x, z) ∈ epif and
(y, w) ∈ epif and λ ∈ (0, 1). By hypothesis f (λx+ (1− λ) y) ≤ λf (x) + (1− λ) f (y).
By definition of epif we have z ≥ f (x) and w ≥ f (y), then by multiplying the
first inequality by λ and the second one by (1− λ) and summing we get: λf (x) +
(1− λ) f (y) ≤ λz + (1− λ)w. Joining inequalities we get: f (λx+ (1− λ) y) ≤ λz +
(1− λ)w, then, by definition of epif we get (λx+ (1− λ) y, λz + (1− λ)w) ∈ epif .

With this proposition it becomes possible to define strictly convex and strictly concave
functions as those for which the inequalities above hold strictly.

Another useful result relates convex to concave functions in a trivial way:

Proposition 7.2. Let Γ ⊆ Rn be a convex set and f : Γ→ R a function. f is convex if and
only if −f is concave.

Proof. The proof is immediate from the previous proposition.
Let f be a convex function, this happens if and only if

f (λx+ (1− λ) y) ≤ λf (x) + (1− λ) f (y)

−f (λx+ (1− λ) y) ≥ λ (−f (x)) + (1− λ) (−f (y))

Which happens if and only if −f is concave.

Another characterization of convex and concave function is Jensen’s inequality:

Proposition 7.3. (Jensen’s Inequality) Let Γ ⊆ Rn be a convex set and f : Γ → R a
function. f is convex if and only if f (λ1x1 + . . .+ λkxk) ≤ λ1f (x1) + . . . + λkf (xk) for
x1, . . . , xk ∈ Γ and λi ≥ 0 and

∑
λ1 = 1.

Proof. By applying proposition 7.1 repetitively to pairs of elements.

Note that the previous proposition is an if and only if statement.
Finally we introduce a special type of convex function that plays a role in optimization

and duality theory:

Definition 7.3. (Support Function) The support function δ (·|C) of a convex set C ⊆ Rn
is defined as:

δ (x|C) = sup
y∈C

{x · y}

The argument x is the direction in which C is supported. δ is clearly convex by properties
of the supremum.
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7.2 Properties of convex and concave functions

Convex and concave functions have a lot nice properties, in what follows some of the prop-
erties of concave functions are presented. The first property has to do with the continuity of
concave functions.

Proposition 7.4. Let f : Γ→ R be a concave function on a convex set Γ ⊆ Rn. Let x ∈ Γ
such that there exists an open neighborhood of x, V ⊆ Γ, and a real number M such that
|f (y)| ≤M for all y ∈ V . Then f is continuous at x.

Proof. Consider {xk} in V with xk → x. Since V is open there is an r > 0 such that
Br (x) ⊂ V . Let α ∈ (0, r) and consider the set A = {z| ‖x− z‖ = α}, that is the boundary
of the ball Bα (x). Since xk → x pick K large enough so that ‖x− xk‖ < α for k > K. Note
that A ⊂ V .

For k > K there exists a zk ∈ A such that xk = λkx + (1− λk) zk, for some λk ∈ (0, 1).
Since xk → x and ‖x− zk‖ = α > 0 it must be that λk → 1 as k →∞.

By concavity of f it follows that:

f (xk) = f (λkx+ (1− λk) zk) ≥ λkf (x) + (1− λk) f (zk)

Taking limits we have:

lim inf f (xk) ≥ lim inf (λkf (x) + (1− λk) f (zk))

= f (x) + lim inf
k→∞

((1− λk) f (zk))

= f (x)

Since zk ∈ A ⊂ V we have |f (zl)| ≤M , then lim inf ((1− λk) f (zk)) = lim ((1− λk) f (zk)) =
0 recalling that λk → 1.

In a similar way there exists numbers θk ∈ (0, 1) such that x = θkxk + (1− θk) zk, by
concavity:

f (x) = f (θkxk + (1− θk) zk) ≥ θkf (xk) + (1− θk) f (zk)

As before θk → 1, then by taking limits:

f (x) ≥ lim sup (θkf (xk) + (1− θk) f (zk))

≥ lim sup (θkf (xk))

≥ lim sup (f (xk))

where, as before lim ((1− θk) f (zk)) = lim sup ((1− θk) f (zk)) = 0 and, since θk → 1 we get
the last step.

We have now that lim inf f (xk) ≥ f (x) ≥ lim sup (f (xk)), which implies lim f (xk) =
f (x) and thus continuity of f at x.

Note that it was necessary to use lim inf and lim sup in the proof since we needed to
establish the existence (and value) of lim f (xk).

Corollary 7.1. Let f : Γ→ R be a concave function on a convex set Γ ⊆ Rn. Suppose that
there exists an open set, V ⊆ Γ, and a real number M such that |f (y)| ≤ M for all y ∈ V .
Then f is continuous on V .
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Stronger results can be more easily obtained for functions of one variable. For instance its
easy to show that a concave function on an open interval is continuous on all of the interval3.
There are also implications for the differentiability of the function.

Proposition 7.5. Let g : Γ→ R be a concave function with Γ ⊆ R an open and convex set.
Let x1, x2, x3 ∈ Γ with x1 < x2 < x3. Then:

g (x2)− g (x1)

x2 − x1

≥ g (x3)− g (x1)

x3 − x1

≥ g (x3)− g (x2)

x3 − x2

with strict inequality if g is strictly concave.

Proof. Let α = x2−x1
x3−x1 , clearly α ∈ (0, 1), 1− α = x3−x2

x3−x1 and αx3 + (1− α)x1 = x2. Since g is
concave we have:

g (x2) = g (αx3 + (1− α)x1) ≥ αg (x3) + (1− α) g (x1)

With strict inequality if g is strictly concave. Replacing for α and rearranging:

g (x2) ≥ x2 − x1

x3 − x1

g (x3) +

(
1− x2 − x1

x3 − x1

)
g (x1)

g (x2)− g (x1) ≥ x2 − x1

x3 − x1

(g (x3)− g (x1))

g (x2)− g (x1)

x2 − x1

≥ g (x3)− g (x1)

x3 − x1

This establishes one of the inequalities, expressing x1 and x3 as linear combinations of the
other points the other inequalities are obtained.

Corollary 7.2. Let g : R → R be concave and x ∈ R. Then the quotient g(x+b)−g(x)
b

is
non-increasing for b > 0. Moreover, the limit of the quotient as b→ 0+ exists in the extended
real line.

Proof. Let b1 < b2, and consider x1 = x, x2 = x + b1 and x3 = x + b2, then by the first
inequality above:

g (x+ b1)− g (x)

b1

≥ g (x+ b2)− g (x)

b2

which proves that the quotient is non-increasing. The existence of the limit follows from the
quotient being a monotone function. If its bounded then the limit exists by the monotone
convergence theorem, if its not then the limit is infinity.

Corollary 7.3. Let g : R → R be concave and x ∈ R. Then the quotient g(x)−g(x+b)
−b is

non-increasing for b < 0. Moreover, the limit of the quotient as b→ 0− exists in the extended
real line.

3The proof above has no change except for the fact that z does not depend on k.
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Proof. Let b1 < b2, and consider x1 = x − b1, x2 = x + b2 and x3 = x, then by the second
inequality above:

g (x)− g (x+ b1)

−b1

≥ g (x)− g (x+ b2)

−b2

which proves that the quotient is non-increasing. The existence of the limit follows from the
quotient being a monotone function. If its bounded then the limit exists by the monotone
convergence theorem, if its not then the limit is infinity.

With this result it is possible to establish the existence of directional derivatives for
concave functions of one variable.

Proposition 7.6. If g : R → R is concave then all (one-sided) directional derivatives exist
at all points. They might take infinite value.

Proof. Let x, y ∈ R. The directional derivative of g at x in the direction of y is:

Df (x, y) = lim
t→0+

g (x+ ty)− g (x)

t

There are three possible cases for the direction y:

Case 1. Suppose y > 0.
g (x+ ty)− g (x)

t
=
g (x+ ty)− g (x)

ty
y

Clearly ty → 0+ if and only if t→ 0+. Let b = ty, then

lim
t→0+

g (x+ ty)− g (x)

t
= y lim

b→0+

g (x+ b)− g (x)

b

by corollary 7.2 we know that the limit in the RHS exists, then the directional
derivative exists in any direction y > 0.

Case 2. Suppose y < 0.
g (x+ ty)− g (x)

t
=
g (x)− g (x+ ty)

−ty
y

Clearly ty → 0− if and only if t→ 0−. Let b = ty, then

lim
t→0+

g (x+ ty)− g (x)

t
= y lim

b→0−

g (x)− g (x+ b)

−b

Again, by corollary 7.3 we know that the limit in the RHS exists, then the direc-
tional derivative exists in any direction y < 0.

Case 3. Finally if y = 0 the derivative in direction y is trivially equal to 0 since:

g (x+ ty)− g (x)

t
=
g (x)− g (x)

t
= 0
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This result can be extended to higher dimensions:

Proposition 7.7. Let Γ ⊆ Rn be open and convex. If f : Γ→ R is concave, then f possesses
all directional derivatives at all points in Γ.

Proof. Let x ∈ Γ and h ∈ Rn. Define g (t) = f (x+ th) for t ≥ 0, since Γ is open g is well
defined in a neighborhood of 0. Also note that:

f (x+ th)− f (x)

t
=
g (t)− g (0)

t

For any α ∈ (0, 1):

g
(
αt+ (1− α) t

′
)

= f
(
x+

(
αt+ (1− α) t

′
)
h
)

= f
(
α (x+ th) + (1− α)

(
x+ t

′
h
))

≥ αf (x+ th) + (1− α) f
(
x+ t

′
h
)

= αg (t) + (1− α) g
(
t
′
)

then g is concave on R+. Then by corollary 7.2 the limit:

Df (x, h) = lim
t→0+

f (x+ th)− f (x)

t
= lim

t→0+

g (t)− g (0)

t

exists, this proves the existence of the directional derivative of f at x in an arbitrary direction
h.

The question remains if a concave function is differentiable on its domain. The answer is
given without a proof in the following proposition:

Proposition 7.8. Let Γ ⊆ Rn be open and convex. If f : Γ → R is concave, then f is
differentiable almost everywhere (on all Γ except for a set of measure zero). Moreover the
derivative of f is continuous wherever it exists.

Having established that a concave function is almost everywhere continuously differen-
tiable it is now possible to study some properties of the derivatives of a convex functions.
These properties allow for a characterization of concave (and convex) functions based on first
and second derivatives of the function.

Proposition 7.9. Let Γ ⊆ Rn be open and convex. If f : Γ→ R be differentiable on Γ. f is
concave on Γ if and only if

∀x,y∈Γ Df (x) (y − x) ≥ f (y)− f (x)

Similarly, f is convex on Γ if and only if

∀x,y∈Γ Df (x) (y − x) ≤ f (y)− f (x)
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Proof. Sundaram (1996, sec. 7.5, pp. 190).

Proposition 7.10. Let Γ ⊆ Rn be open and convex. If f : Γ→ R be a C2 function on Γ.

i. f is concave on Γ if and only if D2f (x) is a negative semidefinite matrix for all x ∈ Γ.

ii. f is convex on Γ if and only if D2f (x) is a positive semidefinite matrix for all x ∈ Γ.

iii. If D2f (x) is negative definitive for all x ∈ Γ then f is strictly concave.

iv. If D2f (x) is positive definitive for all x ∈ Γ then f is strictly convex.

Proof. Sundaram (1996, sec. 7.6, pp. 191).

These two propositions are extremely useful, the first one specially for cases in which one
knows the function is concave (convex) and needs to know the behavior of its derivative,
the second one for cases in which one knows the function and needs conditions for it to be
concave (convex). This is shown in the following example.

Example 7.1. Let f : R2
++ → R be f (x, y) = xayb with a, b > 0.

Using the proposition 7.10 f is concave if the Hessian matrix is negative semidefinite.
The jacobian is:

Df (x, y) =
[
axa−1yb bxayb−1

]
The Hessian is:

D2f (x) =

[
a (a− 1)xa−2yb abxa−1yb−1

abxa−1yb−1 b (b− 1)xayb−2

]
The determinant of the matrix is:∣∣D2f (x)

∣∣ = a (a− 1) b (b− 1)x2(a−1)y2(b−1) − a2b2x2(a−1)y2(b−1)

= ((a− 1) (b− 1)− ab) abx2(a−1)y2(b−1)

= (1− a− b) abx2(a−1)y2(b−1)

The determinant is then negative if a+ b < 1, positive if a+ b > 1 and zero if a+ b = 1.
The diagonal terms are negative if a < 1 and b < 1. Then f is strictly concave if a + b < 1
and a, b < 1, it is concave if a + b = 1 and a, b < 1 and is neither concave nor convex when
a+ b > 1.
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8 Quasi-Convex and quasi-concave functions

8.1 Definitions

Another relevant (and more general) family of functions is that of quasi-convex and quasi-
concave functions. These are defined with the upper and lower contour sets of the function.

Definition 8.1. (Contour sets) Let f : Γ→ R be a real valued function an Γ ⊆ Rn. The
upper and lower contour sets of f at a ∈ R are:

Uf (a) = {x ∈ Γ|f (x) ≥ a} Lf (a) = {x ∈ Γ|f (x) ≤ a}

Quasi-concave and quasi-convex function are then defined as follows:

Definition 8.2. (Quasi-Convex and QuasiConcave Functions) Let f : Γ → R be a
real valued function with domain Γ ⊆ Rn.

i. f is said to be quasi-convex if and only if Lf (a) is a convex set in Rn for all a ∈ R.

ii. f is said to be quasi-concave if and only if Uf (a) is a convex set in Rn for all a ∈ R.

As with convex and concave functions there are alternative characterizations of quasi-
convex and quasi-concave functions.

Proposition 8.1. Let Γ ⊆ Rn be a convex set and f : Γ→ R a function.

i. f is quasi-convex if and only if for all x, y ∈ Γ and λ ∈ (0, 1)

f (λx+ (1− λ) y) ≤ max {f (x) , f (y)}

ii. f is quasi-concave if and only if for all x, y ∈ Γ and λ ∈ (0, 1)

f (λx+ (1− λ) y) ≥ min {f (x) , f (y)}

Proof. I only prove the first statement of the proposition.

i. Let f be quasi-convex, then Lf (a) is convex for all a. Consider x, y ∈ Γ and λ ∈ (0, 1).
Wlog let f (x) ≥ f (y) and a = f (x). For the chosen a Lf (a) is convex and x, y ∈ Lf (a)
by construction. By convexity λx+ (1− α) y ∈ Lf (a), then by definition

f (λx+ (1− λ) y) ≤ a = f (x) = max {f (x) , f (y)}

which is the desired result.

ii. Suppose that f (λx+ (1− λ) y) ≤ max {f (x) , f (y)} for all x, y ∈ Γ and λ ∈ (0, 1).
Choose a ∈ R and consider Lf (a), if the set is empty or a singleton the proof follows
vacuously, then wlog choose x, y ∈ Lf (a). These points satisfy f (x) ≤ a and f (y) ≤ a,
then max {f (x) , f (y)} ≤ a. By hypothesis we then have

f (λx+ (1− λ) y) ≤ a

which implies that λx+ (1− λ) y ∈ Lf (a), proving that Lf (a) is convex for all a.
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A function will be called strictly quasi-convex (concave) if the inequalities of proposition
8.1 hold strictly. A result that parallels proposition 7.2 follows trivially.

Proposition 8.2. Let Γ ⊆ Rn be a convex set and f : Γ→ R a function. f is quasi-convex
if and only if −f is quasi-concave.

Proof. The proof is immediate from the previous proposition.
Let f be a quasi-convex function, this happens if and only if

f (λx+ (1− λ) y) ≤ max {f (x) , f (y)}
−f (λx+ (1− λ) y) ≥ −max {f (x) , f (y)}
−f (λx+ (1− λ) y) ≥ min {−f (x) ,−f (y)}

Which happens if and only if −f is quasi-concave.

As noted above the family of quasi-convex (concave) functions is a generalization of that
of convex (concave) functions. The following proposition makes this precise.

Proposition 8.3. Let f : Γ→ R be a function where Γ ⊆ Rn. If f is concave on Γ it is also
quasi-concave. If f is convex on Γ it is also quasi-convex.

Proof. Suppose f is convex, then for all x, y ∈ Γ and λ ∈ (0, 1) we have:

f (λx+ (1− λ) y) ≤ λf (x) + (1− λ) f (y)

≤ λmax {f (x) , f (y)}+ (1− λ) max {f (x) , f (y)}
= max {f (x) , f (y)}

which finishes the proof.

Quasi-concave (convex) functions are also useful in that their class is preserved by any
monotone non-decreasing (increasing) transformation, while concaveness (convexity) is weak-
ened to quasi-concaveness (convexity) unless the transformation is also concave (convex) and
the original function monotone non-decreasing.

Proposition 8.4. Let f : Γ→ R be quasi-concave and φ : R→ R monotone non-decreasing.
Then φ ◦ f is quasi-concave.

Proof. Let x, y ∈ Γ and λ ∈ (0, 1). Note that since φ is monotone non-decreasing if f (x) ≥
f (y) then φ (f (x)) ≥ φ (f (y)), then min {φ (f (x)) , φ (f (y))} = φ (min {f (x) , f (y)}). The
conclusion follows since by assumption:

f (λx+ (1− λ) y) ≥ min {f (x) , f (y)}

Applying φ:

φ (f (λx+ (1− λ) y)) ≥ φ (min {f (x) , f (y)})
φ (f (λx+ (1− λ) y)) ≥ min {φ (f (x)) , φ (f (y))}

This completes the proof.

57



8.2 Properties of quasi-convex and quasi-concave functions

A lot of the nice properties of convex (concave) functions cannot be generalized to quasi-
convex (concave) functions. For instance functions of the latter family are not necessarily
continuous in the interior of its domain and can have local optima that are not global. There
are still some properties regarding their first and second derivatives that are presented below.

Proposition 8.5. Let f : Γ→ R be a C1 function and Γ ⊆ Rn be open and convex.

i. Then f is quasi-concave on Γ if and only if for all x, y ∈ Γ:

f (y) ≥ f (x) −→ Df (x) (y − x) ≥ 0

ii. Then f is quasi-convex on Γ if and only if for all x, y ∈ Γ:

f (y) ≥ f (x) −→ Df (x) (y − x) ≤ 0

Proof. I prove only the necessity part of the first claim:
Let f be quasi-concave on Γ and wlog let x, y ∈ Γ such that f (y) ≥ f (x). Let t ∈ (0, 1)

and by quasi-concaveness:

f (x+ t (y − x)) = f ((1− t)x+ ty) ≥ min {f (x) , f (y)} = f (x)

Joining:

f (x+ t (y − x)) ≥ f (x)

f (x+ t (y − x))− f (x)

t
≥ 0

Taking limits as t→ 0+ the LHS converges to the directional derivative of f in the direction
y − x, then:

Df (x, y − x) ≥ 0

Df (x) (y − x) ≥ 0

which is the desired result. The last step follows from Theorem 1.56 in Sundaram (1996).

A characterization of quasi-concave (convex) functions is also available using the bordered
hessian of the function. In what follows let:

H̃f (x) =

[
0 Df (x)

Df (x)
′
D2 (x)

]
and Ck (x) the kth order principal minor of H̃f (x),

The following proposition is stated without a proof.

Proposition 8.6. Let f : Γ→ R be a C2 function and Γ ⊆ Rn be open and convex.

i. If f is quasi-concave on Γ then (−1)k |Ck (x)| ≥ 0 for k = 1, . . . , n.

ii. If (−1)k |Ck (x)| > 0 for k = 1, . . . , n, then f is quasi-concave on Γ.

iii. If f is quasi-convex on Γ then |Ck (x)| ≤ 0 for k = 1, . . . , n.

iv. If (−1)k |Ck (x)| < 0 for k = 1, . . . , n, then f is quasi-convex on Γ.
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Part III

Optimization
The material in this section follows closely Sundaram (1996) and except minor changes in no-
tation and a selection of material and examples to be presented there are no actual differences
between the book and the material presented here.

Topics in optimization are covered in five sections. The first one just introduces the prob-
lem of optimization, the second one uses results from Real Analysis to establish conditions
for existence of a solution (the extreme value theorem), then necessary conditions for an op-
timum in unrestricted and restricted problems are covered in the next three sections. Finally
the implications of convexity and quasi-convexity over optimization problems are presented.
These last sections are the most important ones in the topic of optimization problems, since
the implications of convexity are often overlook and the treatment of constraint maximization
problems is well understood by most students.
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9 Introduction
In general we will refer as an optimization problem a maximization or minimization problem
parametrized by parameter θ to a problem of the form:

v (θ) = max
x∈Γ(θ)

f (x, θ) or v (θ) = min
x∈Γ(θ)

f (x, θ)

where θ ∈ Θ, Γ (θ) ⊆ Rn is the feasible set and f : Rn×Θ→ R is a function. The term v (θ)
is denoted as the value of the problem and is a function of the parameter θ and the set

G (θ) = {x ∈ Γ (θ) |f (x, θ) = v (θ)} = argmax
x∈Γ(θ)

f (x, θ)

is the solution of the problem, the set of argmax (argmin).
Until parametric problems are studied in detail the explicit mention of the parameters

does not add much to the discussion, hence they are omitted in almost all of what follows.
Because of the following result all the material will be devoted to maximization problems:

Proposition 9.1. Let f : Rn → R be a function and −f another function such that its value
at x is −f (x). x is a maximum of f on Γ if and only if x is a minimum of −f on Γ and z
is a minimum of f on Γ if and only if z is a maximum of −f on Γ.

Proof. Let x be a maximum of f on Γ then f (x) ≥ f (y) for all y ∈ Γ. The inequality
implies that −f (x) ≤ −f (y) for all y ∈ Γ, this is the definition of x being a minimum of
−f . The second part of the proposition by noting that − (−f) = f , so that a relabeling of
the functions is enough.

Using this result its easy to transform any maximization problem into a minimization
problem which gives validity to all the results obtained under maximization to a general
optimization problem. Another useful result is that the solution to the problem is invari-
ant to strictly increasing transformations, while the value of the problem is the only thing
transformed:

Proposition 9.2. Let ϕ : R→ R be a strictly increasing function. Then x is a maximum of
f on Γ if and only x is a maximum of ϕ ◦ f on Γ.

Proof. Let x be a maximum of f on Γ, then for all y ∈ Γ we have f (x) ≥ f (y), since ϕ is
strictly increasing ϕ (f (x)) ≥ ϕ (f (y)), then x is a maximum for ϕ ◦ f .

Now let x be a maximum of ϕ ◦ f , we have ϕ (f (x)) ≥ ϕ (f (y)) for all y ∈ Γ. Suppose
for a contradiction that x does not maximize f on Γ, then there exists z ∈ Γ such that
f (z) > f (x), since ϕ is strictly increasing ϕ (f (z)) > ϕ (f (x)) which contradicts x being a
maximizer of ϕ ◦ f .

Now we proceed to characterize the solution of the problems in three steps, first estab-
lishing if a solution exists, second finding tools to identify the solution and third obtaining
properties of the solution from the fundaments of the problem, that is, which properties does
the set of optimizers and the value of the problem exhibit, given properties of f and Γ.
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10 Existence
A set of (broad) conditions that guarantee the existence of a solution to a problem (the
existence of an optimizer) is given above by Weierstrass theorem (Theorem 5.2). When the
function f is continuous on x (for a given θ) and Γ is a compact subset of Rn the existence
of a maximum and a minimum of the function is guaranteed, as well as elements in Γ that
attain such values.

The result of Weierstrass’ theorem is extremely useful because of its relatively mild con-
ditions on the problem, when those conditions are not satisfied it is necessary to evaluate
each problem individually, since the conditions on the theorem are only sufficient, that is,
failure to meet does not rule out the existence of a solution.

To highlight the usefulness of the result I reproduce here two example from Sundaram
(1996) one in which the conditions are satisfied directly, and another to which Weierstrass’
theorem does not apply, but that is modified to establish the existence of a solution.

Example 10.1. (Utility Maximization)

v = max
x∈B(p,I)

u (x) B (p, I) =
{
x ∈ Rn+|p · x ≤ I

}
where p ≥ 0 and I ≥ 0 and u is a continuous function. For Weierstrass’ theorem to apply
and guarantee a solution we need to establish the compactness of the budget set B (p, I),
this can be shown for p� 0.

Note that if the agent were to spend the entire income in good i the maximum she can
spend is xi = I/pi. Then the feasible consumption bundles are bounded above by (ξ, . . . , ξ)
where

ξ = max

{
I

p1

, . . . ,
I

pn

}
(that is x ∈ B (p, I) implies 0 ≤ x ≤ (ξ, . . . , ξ)), hence B is bounded.

To see that it is also closed note that B is the intersection of closed sets which is closed,
or more directly recall that a set is closed if and only if it contains all of its limits points. Let{
xk
}
be a sequence in B such that xk → x. Since xk ∈ B we have xk ≥ 0, by the squeeze

theorem x ≥ 0. Also p · xk ≤ I, and since xk → x we have xki → xi, so pixki → pixi. Then:

p · xk =
∑

pix
k
i →

∑
pixi = p · x

which gives the result, by taking limits on p · xk ≤ I.

Example 10.2. (Cost Minimization)

v (w, y) = min
x∈Γ(y)

w · x Γ (y) =
{
x ∈ Rn+|g (x) ≥ y

}
where w ≥ 0 is a vector of input prices and y ≥ 0 is a minimum level of production (or
utility) and g is a continuous function. Note that the feasible set is unbounded for monotone
functions g, but it is otherwise closed and the objective function is clearly continuous.

The objective now is to show that this problem is equivalent to one in which the feasible
set is compact. Let x ∈ Γ and define c = w · x a given cost level. It is clear that since this
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cost level is attainable the optimal cost level cannot be higher that c. Now define ξi = 2c
wi
,

the firm cannot optimally use more than ξi units of input i since then the total cost would
exceed c for sure (since the other inputs are nonnegative. Then without loss of generality the
feasible set can be reduce to:

Γ̄ =
{
x ∈ Rn+|g (x) ≥ y ∧ xi ≤ ξi

}
which is bounded, and since its the intersection of Γ with closed sets {x|xi ≤ ξi} it is also
closed. Then Γ̄ is compact.

To prove closedness more carefully let
{
xk
}
be a sequence in Γ such that xk → x then by

continuity of g:
g (x) = g

(
limxk

)
= lim g

(
xk
)
≥ y

and
xi = limxki ≥ ξi

which proves that x ∈ Γ.
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11 Unconstrained optima
When the solution of a problem satisfies G ⊂ intΓ the optima is called unconstrained. This
is when the solution belongs to the interior of the feasible set. When this happens the
characteristics of the feasible set become ’irrelevant’ since locally it behaves as Rn (there
is an open ball around the solution that is completely contained in the feasible set). This
local behavior allows to characterize necessary conditions of the solution. Conditions that
all elements of G must satisfy.

Proposition 11.1. (First order conditions) Suppose x? ∈ intΓ ⊆ Rn is a local maximum
of f on Γ and suppose that f is differentiable at x?, then Df (x?) = 0.

Proof. The proof is elementary and goes in two steps, first establishing the result for R and
then for an arbitrary Rn.

Case 1. Let f : R→ R be differentiable at x?. For any sequence yk → x? we have:

lim
k→∞

f
(
yk
)
− f (x?)

yk − x?
= f

′
(x?)

Consider now two sequences, yk → x? and zk → x? such that yk < x? and zk > x?.
For sufficiently large k it must be that yk, zk ∈ B (x?, ε) for ε such that the ball is in
the interior of Γ. Since x? is a maximizer f

(
yk
)
−f (x?) ≤ 0 and f

(
zk
)
−f (x?) ≤ 0

for large enough k. This gives:

f
(
yk
)
− f (x?)

yk − x?
≥ 0 ≥

f
(
zk
)
− f (x?)

zk − x?

Taking limits we get the result f ′ (x?) = 0.

Case 2. Let f : Rn → R attain a local maximum at x? and be differentiable at that point.

The proof will show that ∂f
∂xi

(x?) = 0, which givesDf (x?) =
[
∂f
∂x1

(x?) , . . . , ∂f
∂xn

(x?)
]′

=

0.
Let ei be the unit vector in direction i and define g (t) = f (x? + tei). For any
sequence tk → 0 we have:

g (tk)− g (0)

tk
=
f (x? + tei)− f (x?)

tk

and the RHS of the expression converges to ∂f
∂xi

(x?), then g is differentiable at 0

and g′ (0) = ∂f
∂xi

(x?).
Now note that the distance between x? + tei and x? is ‖x? + tei − x?‖ = |t|, so for
sufficiently low t we have x? + tei ∈ intΓ. Since x? is a maximum in Γ this gives
g (t) ≤ g (0), showing that g attains a maximum at t = 0.
Finally applying case 1 it must be that g′ (0) = 0, completing the proof.

This proposition allows to find potential optima by checking points that satisfy these first
order conditions.
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12 Constrained Optimization

12.1 Lagrange

When the feasible set of a problem is characterized by equality constraints the theory of
Lagrange multipliers allows us to find necessary (first order) conditions for a feasible point
to be an optimizer. In what follows the feasible set will have the form:

Γ = U ∩ {x ∈ Rn|g (x) = 0}

where U ⊆ Rn is open and g : Rn → Rk represents the k equality constraints of the problem.
To state the result of this section let ρ (A) be the rank of a matrix A of dimension n× k

and recall that the jacobian of a vector valued valued function f : Rn → Rk is Df , a matrix
of dimensions k × n, where each row is the jacobian of one of the outputs of the function.

f (x) =

 f1 (x)
...

fk (x)

 Df (x) =


∂f1(x)
∂x1

∂f1(x)
∂x2

. . . ∂f1(x)
∂xn...

∂fk(x)
∂x1

∂fk(x)
∂x2

. . . ∂fk(x)
∂xn


Theorem 12.1. (Lagrange) Let f : Rn → R and g : Rn → Rk be C1 functions. Suppose
x? is a local optimizer of f on Γ = U ∩ {x ∈ Rn|g (x) = 0} . Suppose also that Dg (x?) has
rank k (that is ρ (Dg (x?)) = k). Then there exists a vector λ? ∈ Rk such that:

Df (x?) +
k∑
i=1

λ?iDgi (x
?) = 0

Proof. Sundaram (1996, sec. 5.6, pp. 135).

This theorem gives necessary conditions for a (local) optimizer, but they are more com-
plicated than those of proposition 11.1, in that now it is also necessary to find the vector of
Lagrange multipliers λ. Moreover the full column rank condition on Dg (x?) is not a trivial
one, while all optimizers in an unconstrained problem would satisfy the first order condition
as in proposition 11.1, there can be optimizers for which Lagrange multipliers fail to exist in
a constrained problem. For this consider the following example:

Example 12.1. Let f : R2 → R and g : R2 → R be given by:

f (x, y) = −y g (x, y) = y3 − x2

and the optimization problem to be:

max f (x, y) s.t. g (x, y) = 0

The constraint gives y3 = x2, since x2 ≥ 0 it follows that y ≥ 0, so the function attains a
unique global maximum on Γ at y = x = 0. Yet, Dg (x, y) =

[
−2x 3y2

]
and Dg (0, 0) =[

0 0
]
so ρ (Dg (0, 0)) = 0 < 1. Moreover Df (x, y) =

[
0 −1

]
, so:

Df (0, 0) +
k∑
i=1

λ?iDgi (0, 0) =
[

0 −1
]
6= 0

for all possible λ, so the global optimum does not satisfy the Lagrange conditions.
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In practice it is necessary to find the candidate solutions to the problem, for doing this
it is useful to represent the problem with the maximization of a Lagrangian, a function
L : Rn × Rk → R of the form:

L (x, λ) = f (x) +
k∑
i=1

λigi (x)

The optimizers of this functions satisfy the FOC as in proposition 11.1. These conditions
are:

DL (x?, λ?) = 0

Note that the conditions with respect to x are the same as those in Lagrange’s theorem:

Df (x?) +
k∑
i=1

λ?iDgi (x
?) = 0

while the conditions with respect to λ are:

g (x?) = 0

thus guaranteeing that x? ∈ Γ. Thus an optimizer of the Lagrangian problem is feasible and
satisfies the necessary FOC of Lagrange’s theorem. Moreover, the value of the maximization
of the Lagrangian is the same as the value of the original problem, since at any optimizer
g (x?) = 0 and thus L (x?, λ?) = f (x?).

As before the use of the Lagrange depends on the optimizer of f satisfying the full column
rank constraint. For example, as shown in Example 12.1, there are no Lagrange multipliers
that satisfy the Lagrange FOC.

Example 12.2. Consider again Example 12.1. The Lagrangian is:

L = −y + λ
(
y3 − x2

)
and the FOC are:

−2λx = 0

−1 + 3λy2 = 0

y3 − x2 = 0

By the second equation λ 6= 0, so for the first equation to be satisfied it must be that x = 0,
then by the third equation y = 0, but this violates the second equation. The system has no
solution.

Another case is when multiple solutions exist to the Lagrange FOC, but none of them are
the solution to the original problem.
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Example 12.3. Let f (x, y) = 2x3− 3x2 and g (x, y) = (3− x)3− y2. Consider the problem
of maximizing f .

The constraint implies that only x ≤ 3 is feasible, since y2 ≥ 0 and by the constraint
(3− x)3 = y2. Also it can be shown that f is nonpositive for x ∈

(
−∞, 3

2

]
and strictly positive

and increasing for x > 3
2
. Then the global maximum of f is attained at (x, y) = (3, 0). The

problem is that the full column rank constraint fails at this point since:

Dg (x, y) =
[
−3 (3− x)2 −2y

]
Dg (3, 0) =

[
0 0

]
The one were to follow through with the Lagrangian the objective function would be:

L (x, y, λ) = 2x3 − 3x2 + λ
(
(3− x)3 − y2

)
with FOC:

6x2 − 6x− 3λ (3− x)2 = 0

−2λy = 0

(3− x)3 − y2 = 0

For the second condition to be met we must have either λ = 0 or y = 0, buy if y = 0 the third
equation implies x = 3 which violates the first equation, so it must be that λ = 0. From the
first equation ether x = 0 or x = 1, the third equation gives the value of y, either

√
27 or√

8, respectively. But neither
(
0,
√

27
)
or
(
1,
√

8
)
are the global optimum of the problem.
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12.2 Kuhn-Tucker

When the feasible set of a problem is characterized by inequality constraints the theory of
Lagrange multipliers can be extended to find necessary (first order) conditions for a feasible
point to be an optimizer. In what follows the feasible set will have the form:

Γ = U ∩ {x ∈ Rn|h (x) ≥ 0}

where U ⊆ Rn is open and h : Rn → Rk represents the k inequality constraints of the
problem.

When dealing with inequality constraints it is necessary to distinguish between those that
are slack at a point and those that bind. As is foreseeable the ones that are slack do not
matter for characterizing the optimum (and thus the necessary conditions), while those that
bind behave like equality constraints, and are handled in the same way as the constraints in
the Lagrange problem. In what follows let k ≤ k be the number of binding constraints at a
point x ∈ Γ, that is k constraints have hi (x) = 0 and k − k have hi (x) > 0.

Theorem 12.2. (Kuhn-Tucker) Let f : Rn → R and h : Rn → Rk be C1 functions.
Suppose x? is a local optimizer of f on Γ = U ∩ {x ∈ Rn|h (x) ≥ 0}. Let k be the number
of effective or binding constraints at x? and suppose also that Dh (x?) has rank k (that is
ρ (Dh (x?)) = k). Then there exists a vector λ? ∈ Rk such that:

Df (x?) +
k∑
i=1

λ?iDhi (x
?) = 0

λ?ihi (x
?) = 0

λ?i ≥ 0

Proof. Sundaram (1996, sec. 5.4, pp. 165).

Note that the first condition is the same as the FOC of the Lagrangian before, this
condition was derived for problems with equality constraints. The second set of conditions,
that hold for i = 1, . . . , k, are called complementary slackness conditions, they make sure
that slack constraint are ignored in the FOC by assigning a multiplier of zero to them. It is
not a surprise that the rank condition on the constraint’s jacobian only requires the rank to
be equal to the number of binding constraints.

As before the FOC can be derived from an associated Lagrangian, the difference lies
in the need of the extra ’complementary slackness’ conditions that replace the FOC of the
Lagrangian with respect to the multipliers.

When handling problems with equality and inequality constraints it is then possible to
pose the Lagrangian as before and add the complementary slackness conditions only for the
inequality constraints. The rank condition has to be verified as before.
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13 Convexity and Optimization

13.1 Optimization under convexity

Previous results on optimization are significantly strengthened by convexity. As is shown
below, it ensures that all local optima are global optima, and under strict convexity that the
global optima is unique. Convexity also makes the FOC of proposition 11.1 sufficient for an
optimum.

Proposition 13.1. Let Γ ⊆ Rn be convex and f : Γ→ R be concave on Γ.

i. Any local maximum of f is a global maximum.

ii. The set of argmax is either empty of convex.

iii. If f is strictly concave then the set of argmax is either empty or a singleton.

Proof. The proposition is proven by parts

i. Suppose for a contradiction that x? is a local maximum that is not a global maximum.

There exists r > 0 such that for all y ∈ Br (x) ∩ Γ it holds that f (x) ≥ f (y). There
also exists z ∈ Γ such that f (z) > f (x). Since Γ is convex the point λx+(1− λ) z ∈ Γ
for all λ ∈ (0, 1).
For λ close to one it must be that λx+(1− λ) z ∈ Br (x), then f (x) ≥ f (λx+ (1− λ) z).
Finally, by concavity of f it also holds that:

f (λx+ (1− λ) z) ≥ λf (x) + (1− λ) f (z)

Joining and rearranging:
f (x) ≥ f (z)

which is a contradiction.

ii. Let x1 and x2 be maximizers of f , then f (x1) = f (x2) = f . Consider now λx1 +
(1− λ)x2 for λ ∈ (0, 1). By concavity:

f (λx1 + (1− λ)x2) ≥ λf (x1) + (1− λ) f (x2) = f

Since f is the global maximum of f on Γ it must be that f (λx1 + (1− λ)x2) = f .
Then λx1 + (1− λ)x2 ∈ argmaxf , this proves convexity of the set.

iii. Suppose f is strictly concave and that x1, x2 ∈ argmaxf and x1 6= x2. As before,
consider λx1 + (1− λ)x2 for λ ∈ (0, 1). By strict concavity:

f (λx1 + (1− λ)x2) > λf (x1) + (1− λ) f (x2) = f

Which contradicts f being the maximum of f over Γ. Then it must be that x1 = x2.
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Proposition 13.2. Let Γ ⊆ Rn be convex and f : Γ → R be concave and differentiable on
Γ. x is an unconstrained maximum of f on Γ if and only if Df (x) = 0.

Proof. Necessity of Df (x) = 0 has been shown in proposition 11.1 for any local maximum,
then it also holds for a global maximum.

To establish sufficiency recall by proposition 7.9 that concavity of f implies:

∀x,y∈Γ Df (x) (y − x) ≥ f (y)− f (x)

If x is such that Df (x) = 0 then this condition is:

∀y∈Γ f (x) ≥ f (y)

which makes x a global maximum.

Finally convexity has implications over the Kuhn-Tucker theorem, mainly that under
some additional conditions the FOC of the theorem are also sufficient for a maximum.

Theorem 13.1. (Kuhn-Tucker under convexity) Let f : U → R and h : Rn → Rk be
C1 and concave functions where U is open and convex.

Then x? maximizes f over Γ = U ∩ {x ∈ Rn|h (x) ≥ 0} if

Df (x?) +
k∑
i=1

λ?iDhi (x
?) = 0

λ?ihi (x
?) = 0

λ?i ≥ 0

If moreover there exists x̃ ∈ U such that ∀ihi (x̃) > 0 the above conditions are also
necessary, if x? maximizes f over Γ then the conditions are met.

Proof. Sundaram (1996, sec. 7.7, pp. 194).

The condition that there exists a point in U such that all restrictions are slack at that
point is called Slater’s condition. This condition is only needed to establish necessity of the
Kuhn-Tucker conditions, not sufficiency, but necessity was already proven under the column
rank condition and without concaveness in Theorem 12.2. The condition on h being concave
ensures that the set Γ is convex and that the associated Lagrangian is a concave function.

69



13.2 Optimization under quasi-convexity

Two results are presented on optimization under quasi-convexity, first that strict quasi-
concave (convex) functions preserve the uniqueness of the optimizers in unrestricted problems,
second additional conditions are introduced to the Kuhn-Tucker theorem for sufficiency of
the FOC.

Proposition 13.3. Suppose f : Γ → R is strictly quasi-concave and Γ is convex. Any local
maximum of f is also global and the set of argmax of f is either empty or a singleton.

Proof. Suppose x is a local maximum of f on Γ but not a global maximum. Then there
exists r > 0 such that f (x) ≥ f (y) for all y ∈ Br (x) ∩ Γ, there also exists z ∈ Γ such that
f (x) < f (z). Consider now λ ∈ (0, 1) such that λx + (1− λ) z ∈ Br (x). By hypothesis
f (x) ≥ f (λx+ (1− λ) z), but by strict quasi-concaveness:

f (λx+ (1− λ) z) > min {f (x) , f (z)} = f (x)

which is a contradiction. Then if x is a local maximum it must be a global maximum too.
If the set argmaxf is empty or a singleton the second part follows trivially, if not choose

x, y ∈ argmaxf , by definition f (x) = f (y) = f . Let λ ∈ (0, 1), then by strict quasi-
concaveness:

f (λx+ (1− λ) y) > min {f (x) , f (y)} = f

which contradicts f being the maximum of f over Γ. This completes the proof.

Theorem 13.2. (Kuhn-Tucker under quasi-convexity) Let f : U → R and h : Rn → Rk
be C1 and quasi-concave functions where U is open and convex.

Then x? maximizes f over Γ = U ∩ {x ∈ Rn|h (x) ≥ 0} if

Df (x?) +
k∑
i=1

λ?iDhi (x
?) = 0

λ?ihi (x
?) = 0

λ?i ≥ 0

And at least one of the following two conditions holds:

i. Df (x?) 6= 0.

ii. f is concave.

Proof. Sundaram (1996, sec. 8.8, pp. 220).
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13.3 An example

Consider a finite horizon, discrete time, consumption-savings problem where the agent can
either consume or save (invest) in capital that will be productive in the following period.
The agent derives utility from consumption according to utility function u and discounts the
future at a constant rate β < 1. Production only uses capital and the technology is described
by a function f .

The problem of an agent endowed with k0 units of capital is:

v (k0) = max
{ct,kt+1}Tt=0

T∑
t=0

βtu (ct) s.t. ct + kt+1 ≤ f (kt) ct, kt ≥ 0 k0 given

A solution to this problem is a sequence {ct, kt+1}Tt=0 for consumption and savings.
It is assumed that f : R+ → R+ is a C1, strictly increasing, homogenous of degree one

and concave function that satisfies:

f (0) = 0 f
′
(k) > 0 lim

k→0
f
′
(k) =∞ lim

k→∞
f
′
(k) = 0

It is also assumed that u : R+ → R is a C1, strictly increasing, strictly concave and bounded
function that satisfies:

lim
c→0

u
′
(c) =∞

It is apparent from these conditions that no optimum of this problem satisfies ct + kt+1 <
f (kt). Suppose for a contradiction that there is an optimal plan {ct, kt+1}Tt=0 such that
ct + kt+1 < f (kt) for some t. Then the alternative plan that increases consumption at time t
so that ct + kt+1 = f (kt) generates strictly higher utility at that time. Then the value of this
alternative plan is strictly higher, contracting the optimality of the original plan. It follows
that we can consider the alternative problem:

v (k0) = max
{kt+1}Tt=0

T∑
t=0

βtu (f (kt)− kt+1) s.t. 0 ≤ kt+1 ≤ f (kt) k0 given

Note that since f is continuous and concave the set of feasible allocations

Γ (k0) =
{
k ∈ RT |0 ≤ kt+1 ≤ f (kt)

}
is closed, bounded and convex.

i. Boundedness is immediate from the finiteness of k0. The maximum kt can be is if
the whole production is saved each period, then kt ∈ [0, f (k0)] for all t, which implies
Γ (k0) ⊂ [0, f (k0)]T .

ii. Closedness follows from the continuity of f . Let {kn} ⊂ Γ (k0) be such that kn → k,
then for any t it must hold that 0 ≤ knt+1 ≤ f (knt ). Taking limits we get 0 ≤ kt+1 ≤
f (kt) which implies k ∈Γ (k0).
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iii. Convexity follows from concaveness of f . Let k, k′ ∈ Γ (k0) and λ ∈ (0, 1), recall that
k and k′ are T-tuples of capital. It follows that:

0 ≤ kt+1 ≤ f (kt) ∧ 0 ≤ k
′

t+1 ≤ f
(
k
′

t

)
Multiplying by λ and 1− λ and summing gives:

0 ≤ λkt+1 + (1− λ) k
′

t+1 ≤ λf (kt) + (1− λ) f
(
k
′

t+1

)
Since f is concave λf (kt) + (1− λ) f

(
k
′
t+1

)
≤ f

(
λkt+1 + (1− λ) k

′
t+1

)
and the result

follows.

Note that since u is continuously differentiable and strictly concave the function U
(
{kt+1}Tt=0

)
=∑

βtu (f (kt)− kt+1) is also C1 and strictly concave.

i. That U is C1 follows from the composition and sum of continuous functions being
continuous.

ii. Strict concaveness follows from the sum of strictly concave functions being concave and:

u
(
f
(
λkt + (1− λ) k

′

t

)
−
(
λkt+1 + (1− λ) k

′

t+1

))
≥ u

(
λ (f (kt)− kt+1) + (1− λ)

(
f
(
k
′

t

)
− k′t+1

))
> λu (f (kt)− kt+1) + (1− λ)u

(
f
(
k
′

t

)
− k′t+1

)
where the first inequality follows from f being concave and u being strictly increasing,
and the second one from u being strictly concave.

Then by proposition 13.1 there is only one solution to the problem, and by Theorem 13.1
the optimum is completely characterized by the Kuhn-Tucker conditions.

−u′ (f (kt)− kt+1) + βu
′
(f (kt+1)− kt+2) f

′
(kt+1) + λt − µt + βµt+1f

′
(kt+1) = 0

−u′ (f (kT )− kT+1) + λT − µT = 0

λtkt+1 = 0

µt (f (kt)− kt+1) = 0

λt ≥ 0

µt ≥ 0

Since f (0) = 0 and u
′
(0) → ∞ the inequality constraints 0 ≤ kt+1 ≤ f (kt) are never

binding, except for kT+1. The argument is similar to the one used to eliminate consumption.
It follows that λt = µt = 0 for t < T . Its easy to see that since U is strictly decreasing in
kT+1 its optimal to set kT+1 = 0. This gives:

−u′ (f (kt)− kt+1) + βu
′
(f (kt+1)− kt+2) f

′
(kt+1) = 0

−u′ (f (kT )− kT+1) + λT = 0

kT+1 = 0

λt = 0

µt = 0
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The multipliers are irrelevant for the optimal allocations and they don’t show up in the first
equation. This allows to characterize the solution with the following set of equations:

−u′ (f (kt)− kt+1) + βu
′
(f (kt+1)− kt+2) f

′
(kt+1) = 0

kT+1 = 0

The first equation is the Euler equation of the problem and is a second order difference
equation in k, its solution gives the optimal plan.
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Part IV

Parametrized Optimization
The following sections deal with optimization problems that are indexed by a parameter. In
general there might be parameters that index the feasible set over which a function is being
maximized (minimized), or parameters that change the nature of the objective function. The
problems we are interested in have the following form:

v (θ) = max
x∈Γ(θ)

f (x, θ) G (θ) = {x ∈ Γ (θ) |f (x, θ) = v (θ)}

Where v (θ) is the optimal value of the problem given parameter θ, which can be multidi-
mensional, and G (θ) is the set of solutions. Note that both the objective function f and the
feasible set Γ are allowed to depend on θ.

The objective is to establish the properties of v and G as θ varies. In order to do so
the concept of a correspondence must be introduced to deal with changes in the feasible
set induced by θ. A correspondence is nothing but a set-valued function, and thus allows
to interpret Γ, and later G, as functions of θ. The definition of a correspondence and its
properties are dealt with in Section 14, almost all the attention is given to the generalization
of continuity for correspondences, here the concepts of upper and lower hemi-continuity are
introduced and studied.

The main result is then given by the Theorem of Maximum, Section 15, which is a the-
orem on parametric continuity of the solution to an optimization problem, stating sufficient
conditions for v to be continuous as a function of θ. The results of the Theorem of Max-
imum are then strengthened though convexity assumptions, obtaining in the best scenario
continuity of G as well. The section ends with applications of the Theorem of Maximum to
Microeconomics.

All of the material follows chapter 9 of Sundaram (1996) with minor notes taken from
chapter 3 of Stokey et al. (1989).

74



14 Correspondences
A correspondence is a generalization of a function, it is just a set valued function.

Definition 14.1. (Correspondence) Let Θ ⊆ Rm and X ⊆ Rn be nonempty subsets of
Euclidean spaces. A correspondence Γ : Θ ⇒ X is a map that associates each element θ ∈ Θ
with a subset of X, that is Γ (θ) ⊆ X. In other words the correspondence is a function
Γ : Θ→ 2X , were 2X is the power set of X.

As with functions a correspondence induces a graph in the set Θ×X, this set will be of
importance latter and is defined now.

Definition 14.2. (Graph of a correspondences) Let Γ : Θ ⇒ X be a correspondence.
The graph of Γ is a subset of Θ×X and is defined as:

Gr (Γ) = {(θ, x) | θ ∈ Θ ∧ x ∈ Γ (θ)}

There are some properties of correspondences that is convenient to list from the be-
ginning, these deal with topological properties of the image. The notion of continuity for
correspondences is more tricky and will take most of the attention in what follows.

Definition 14.3. (Properties of correspondences) Let Γ : Θ ⇒ X be a correspondence.

i. Γ is said to be nonempty valued if and only if Γ (θ) 6= ∅ for all θ ∈ Θ.

ii. Γ is said to be singled valued if and only if Γ (θ) is a singleton for all θ ∈ Θ.

iii. Γ is said to be closed valued if and only if Γ (θ) is a closed set for all θ ∈ Θ.

iv. Γ is said to be compact valued if and only if Γ (θ) is a compact set for all θ ∈ Θ.

v. Γ is said to be convex valued if and only if Γ (θ) is a convex set for all θ ∈ Θ.

vi. Γ is said to be closed if an only if Gr (Γ) is a closed subset of Θ×X.

vii. Γ is said to have a convex graph if and only if Gr (Γ) is a convex set on Θ×X.

Remark 14.1. Gr (Γ) is closed if and only if for every θ ∈ Θ and {θn} ⊂ Θ such that θn → θ
and every {xn} ⊂ X such that xn ∈ Γ (θn) and xn → x we have x ∈ Γ (θ).

∀θ∀θn→θ∀xn∈Γ(θn)xn → x =⇒ x ∈ Γ (θ)

Remark 14.2. Gr (Γ) is convex if and only if for any θ, θ′ ∈ Θ and any x ∈ Γ (θ) and x′ ∈ Γ
(
θ
′)

it holds that λx+ (1− λ)x
′ ∈ Γ

(
λθ + (1− λ) θ

′) for all λ ∈ (0, 1).
There is a relation between some of the properties listed above.

Proposition 14.1. If Γ : Θ ⇒ X has a closed graph then it is closed valued. If moreover X
is compact then Γ is also compact valued.
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Proof. Suppose Γ : Θ ⇒ X has a closed graph, and let θ ∈ Θ be any point in the domain.
Let {θn} ⊂ Θ be such that θn = θ and {xn} be such that xn ∈ Γ (θn) for all n and xn → x.

Note that θn → θ by construction, then (θn, xn) → (θ, x) and (θn, xn) ∈ Gr (Γ) for all n,
since Gr (Γ) is closed it follows that (θ, x) ∈ Gr (Γ) which is x ∈ Γ (θ), proving that Γ (θ) is
a closed set.

IfX is compact, then Γ (θ) is a closed subset of a compact set, hence it is also compact.

Correspondences, as functions, can be continuous but there are different ways in which the
notion of continuity generalizes to correspondences. The difference arises from two different
ways of generalizing the inverse image (or pre-image) of a function.

To be precise, recall that a function is continuous if and only if the pre-image of an open
set is open. According to this a function f : Θ → X is continuous at θ ∈ Θ if and only if
for all open set V ⊆ X such that f (θ) ∈ V there exists an open set U ⊆ Θ such that for all
θ
′ ∈ U it holds that f

(
θ
′) ∈ V , or f (U) ⊆ V .

Is the last step of the previous definition what induces the different generalizations, since,
for a correspondence Γ, Γ (U) does not have a clear interpretation, each element of U has as
image a set, so the image of a set is not well defined. There are then two ways to approach
this, both use different interpretations of what it means f

(
θ
′) ∈ V for all θ′ ∈ U . A

correspondence is u.h.c. if the image of each point is completely contained in the original
open set, and is l.h.c. if the image is partially contained in the original open set. Formally:

Definition 14.4. (hemi-continuous correspondence) Let Γ : Θ ⇒ X be a correspon-
dence.

i. Γ is said to be upper hemi-continuous (u.h.c.) at a point θ ∈ Θ if and only if for all
open sets V ⊆ X such that Γ (θ) ⊆ V , there exists an open set U ⊆ Θ such that θ ∈ U
and for all θ′ ∈ U it holds that Γ

(
θ
′) ⊆ V .

ii. Γ is said to be lower hemi-continuous (l.h.c.) at a point θ ∈ Θ if and only if for all
open sets V ⊆ X such that Γ (θ) ∩ V 6= ∅, there exists an open set U ⊆ Θ such that
θ ∈ U and for all θ′ ∈ U it holds that Γ

(
θ
′) ∩ V 6= ∅.

iii. Γ is said to be continuous at a point θ ∈ Θ if it is both u.h.c. an l.h.c.

The following examples are taken from Sundaram (1996). The first one shows a corre-
spondence that is u.h.c. but not l.h.c. and the second one the opposite.

Example 14.1. Let Θ = X = [0, 2] and define Γ : Θ ⇒ X as:

Γ (θ) =

{
{1} θ < 1

X θ ≥ 1

The graph of this correspondence is presented in Figure 14.1.

i. Γ is both u.h.c. and l.h.c. for θ < 1.

(a) Since Γ is single valued for θ < 1 it holds that Γ (θ) ⊆ V if and only if Γ (θ)∩V 6= ∅
for all θ < 1. Then Γ is u.h.c. if and only if Γ is l.h.c.
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Figure 14.1: A u.h.c. correspondence that is not l.h.c.9.1 Correspondences 227 
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Fig. 9.1. A Correspondence That Is Usc, But Not Lsc 
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Fig. 9.2. A Correspondence That Is Lsc, But Not Usc 

U containing(} = 1 must also contain at least one pointe' < I, it follows that for 
this choice of V, there is no open set U containing 8 = 1 which is also such that 
<l>(O') n V f= 0 for all(}' E U n 8. Therefore, <l> is not lsc at(} = l. D 

Example 9.2 Let 8 = S = [0, 2]. Define <l>: 8 P(S) by 

!{1}. 0::;0::;1 
<1>(0) = 

T, I< 0 :S 2. 

A graphical illustration of <l> is provided in Figure 9.2. The same argument as in the 
earlier example establishes that <l> is both usc and lsc at all(} =f. I. At 0 :::: I, <t>(A) 
can have a nonempty intersection with an open set V if and only if I E V. Since we 
also have l E <1>(8') for all(}' E 8, it follows that¢ is lsc at 1. 

However, <l> is not usc at B = 1: the open interval V = j) contains ¢(1), but 
fails to contain <1>(0 1

) for any(}' > I. Cl 

(b) Γ is u.h.c. for θ < 1:
Let θ < 1 and V ⊆ X such that Γ (θ) ⊆ V , then 1 ∈ V . To show u.h.c. we need
to find U ⊆ Θ such that θ ∈ U and Γ

(
θ
′) ⊆ V for all θ′ ∈ U . Consider ε = 1−θ

2

and let U = Bε (θ)∩ (0,∞), clearly U is open, θ ∈ U and Γ
(
θ
′)

= {1} ⊆ V for all
θ
′ ∈ U . This proves u.h.c.
By the remark above Γ is also l.h.c. for θ < 1.

ii. Γ is both u.h.c. and l.h.c. for θ > 1.

(a) Γ is u.h.c. for θ > 1:
Let θ > 1 and V an open set such that Γ (θ) ⊆ V , then X ⊆ V and hence
Γ
(
θ
′) ⊆ V for all θ′ ∈ Θ, so Γ is clearly u.h.c. since any open set U satisfies the

requirement. (Γ
(
θ
′) ⊆ X ⊂ V ).

(b) Γ is l.h.c. for θ > 1:
Let θ > 1 and V an open set such that Γ (θ)∩V 6= ∅, then V ⊆ X. Since Γ

(
θ
′)

= X
for all θ > 1 any open set U such that U ⊂ (0, 2) satisfies the requirement. For
θ
′ ∈ U it holds that Γ

(
θ
′)

= X and X ∩ V 6= ∅.

iii. Γ is u.h.c. but not l.h.c. at θ = 1.

(a) Γ is u.h.c. at θ = 1:
Γ (1) = X, then consider any open set V ⊃ X, clearly any open set U that contains
θ = 1 also satisfies Γ

(
θ
′) ⊆ X ⊂ V for θ′ ∈ U .

(b) Γ is not l.h.c. at θ = 1:
Consider V = (3/2, 5/2), clearly Γ (1) = X and V ∩ X = V 6= ∅. Yet any open
set U that contains 1 also contains θ′ < 1, for those points Γ

(
θ
′)

= 1 /∈ V , so
Γ
(
θ
′) ∩ V = ∅, violating the condition for l.h.c.

Example 14.2. Let Θ = X = [0, 2] and define Γ : Θ ⇒ X as:

Γ (θ) =

{
{1} θ ≤ 1

X θ > 1
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Figure 14.2: A l.h.c. correspondence that is not u.h.c.
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Fig. 9.2. A Correspondence That Is Lsc, But Not Usc 

U containing(} = 1 must also contain at least one pointe' < I, it follows that for 
this choice of V, there is no open set U containing 8 = 1 which is also such that 
<l>(O') n V f= 0 for all(}' E U n 8. Therefore, <l> is not lsc at(} = l. D 

Example 9.2 Let 8 = S = [0, 2]. Define <l>: 8 P(S) by 

!{1}. 0::;0::;1 
<1>(0) = 

T, I< 0 :S 2. 

A graphical illustration of <l> is provided in Figure 9.2. The same argument as in the 
earlier example establishes that <l> is both usc and lsc at all(} =f. I. At 0 :::: I, <t>(A) 
can have a nonempty intersection with an open set V if and only if I E V. Since we 
also have l E <1>(8') for all(}' E 8, it follows that¢ is lsc at 1. 

However, <l> is not usc at B = 1: the open interval V = j) contains ¢(1), but 
fails to contain <1>(0 1

) for any(}' > I. Cl 

The graph of this correspondence is presented in Figure 14.2.

i. Γ is both u.h.c. and l.h.c. for θ 6= 1. Note that for θ 6= 1 this correspondence is equal
to the one in the previous example.

ii. Γ is l.h.c. but not u.h.c. at θ = 1.

(a) Γ is l.h.c. at θ = 1:
Γ (1) = {1}, then consider any open set V such that 1 ∈ V , since for all θ ∈ Θ
it holds that 1 ∈ Γ (θ) the result follows, Γ

(
θ
′) ∩ V 6= ∅ for all θ′ ∈ Θ and in

particular for θ′ ∈ U ⊆ Θ.

(b) Γ is not l.h.c. at θ = 1:
Consider V = (1/2, 3/2), clearly Γ (1) ⊆ V . Yet any open set U that contains 1 also
contains θ′ > 1, for those points Γ

(
θ
′)

= X, so Γ
(
θ
′) ⊃ V , violating the condition

for u.h.c.

As with continuity in functions there is a sequential characterization of u.h.c. and l.h.c.
this characterization is more useful that the definition in terms of open sets. It is in fact the
way these properties are defined in Stokey et al. (1989).

Proposition 14.2. (Sequential characterization u.h.c.) A compact valued correspon-
dence Γ : Θ ⇒ X is u.h.c. at θ ∈ Θ if and only if for every {θn} ⊂ Θ such that θn → θ and
every sequence {xn} ⊂ X such that xn ∈ Γ (θn) there exits a convergent subsequence {xnk}
such that xnk → x ∈ Γ (θ).

∀θn→θ∀xn∈Γ(θn)∃{xnk}xnk → x ∈ Γ (θ)

Proof. Sundaram (1996, sec. 9.1, pp. 231).

Proposition 14.3. (Sequential characterization l.h.c.) A correspondence Γ : Θ ⇒ X
is l.h.c. at θ ∈ Θ if for all x ∈ Γ (θ) and all sequences {θn} ⊂ θ such that θn → θ there exits
a sequence {xn} ⊂ X such that xn ∈ Γ (θn) and xn → x.

∀θn→θ∀x∈Γ(θ)∃xn∈Γ(θn)xn → x
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Remark 14.3. The previous proposition follows Stokey et al. (1989) and not Sundaram (1996),
this is done because of two reasons. First the version given has proven to be easier to handle
and more useful for economic applications and second it is the one used in Minnesota. The
version given coincides with a necessary condition of l.h.c. correspondences. The sufficient
condition, as stated in Sundaram (1996) asks for there to be a subsequence of {θnk} for which
there is a sequence {xnk} such that xnk → x.

Now we can revisit the examples given above with the sequential definition of hemi-
continuity, this definition is particularly useful to disprove hemi-continuity.

Example 14.3. Let Θ = X = [0, 2] and define Γ : Θ ⇒ X as:

Γ (θ) =

{
{1} θ < 1

X θ ≥ 1

The graph of this correspondence is presented in Figure 14.1.
To show that Γ is not l.h.c. at θ = 1 choose x = 2 and let θn = 1−1/n, then ∀nΓ (θn) = {1},

so any sequence xn ∈ Γ (θn) is of the form xn = 1 for all n. Then for any sequence xn → 1 6= x,
this disproves l.h.c.

Example 14.4. Let Θ = X = [0, 2] and define Γ : Θ ⇒ X as:

Γ (θ) =

{
{1} θ ≤ 1

X θ > 1

The graph of this correspondence is presented in Figure 14.2.
To show that Γ is not u.h.c. at θ = 1 note that Γ (θ) = 1 and let θn = 1 + 1/n, then choose

xn = 2 for all n, clearly xn ∈ Γ (θn) = X since θn > 1. Since xn → 2 any subsequence of
{xn} converges to 2 as well. Then there is no subsequence that converges to x = 1 ∈ Γ (θ).
This disproves u.h.c.

Finally there is a strong relation between u.h.c. and closed correspondences (those with
closed graph). This relation is not an identity as the following two propositions make clear.

Proposition 14.4. (u.h.c and Closed graph) Let Γ : Θ ⇒ X. If Γ is u.h.c, then Γ is
closed (has a closed graph).

Proof. Let Γ be u.h.c. Take θ ∈ Θ, θn → θ and {xn} ⊂ X such that xn ∈ Γ (θn) and xn → x.
Since Γ is u.h.c. there is a convergent subsequence {xnk} of {xn} such that xnk → x

′ ∈ Γ (θ).
Since xn → x it follows that x = x

′ and then x ∈ Γ (θ). Then Γ is closed.

Proposition 14.5. (Closed graph and u.h.c.) Let Γ : Θ ⇒ X. If X is compact and Γ is
closed (has a closed graph), then Γ is u.h.c.

Proof. Let X be compact and Γ closed. First note that this implies that Γ is compact valued
(since closed graph implies closed valued). Take θ ∈ Θ, θn → θ and {xn} ⊂ X such that
xn ∈ Γ (θn). Since X is compact {xn} has a convergent subsequence xnk → x. Since Γ is
closed it follows that x ∈ Γ (θ). Then Γ is u.h.c.
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A final result is presented. It is useful for certain proofs.

Proposition 14.6. (Cartesian product of closed correspondences) Let Γ1 : Θ1 ⇒ X1

and Γ2 : Θ2 ⇒ X2 be closed and define Γ : Θ1×Θ2 ⇒ X1×X1 as Γ (θ1, θ2) = Γ1 (θ1)×Γ (θ2).
Then Γ is closed.

Proof. Let (θ1, θ2) ∈ Θ1 × Θ2, (θ1n, θ2n) → (θ1, θ2) and {(x1n, x2n)} ⊂ X1 × X2 such that
(x1n, x2n) ∈ Γ (θ1n, θ2n) and (x1n, x2n) → (x1, x2). Then x1n ∈ Γ1 (θ1n), x2n ∈ Γ2 (θ2n) and
x1n → x1, x2n → x2. Since Γ1 and Γ2 are closed we know that x1 ∈ Γ1 (θ1) and x2 ∈ Γ2 (θ2).
This implies (x1, x2) ∈ Γ (θ1, θ2), hence Γ is closed.
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15 Theorem of the Maximum
Recall from Section 9 that a maximization problem parametrized by θ is posed as:

v (θ) = max
x∈Γ(θ)

f (x, θ)

where θ ∈ Θ, Γ : Θ ⇒ X is a correspondence that gives the feasible choice set given the
parameter and f : Rn × Θ → R is a function. The term v (θ) is denoted as the value
of the problem and is a function of the parameter θ and the solution to the problem is a
correspondence G : Θ ⇒ R that gives the set of argmax of f (·, θ) on Γ (θ).

G (θ) = {x ∈ Γ (θ) |f (x, θ) = v (θ)} = argmax
x∈Γ(θ)

f (x, θ)

The objective of this section is to characterize conditions on the primitives of the problem
(f and Γ) that guarantee certain properties on the solution of the problem (v and G). The
main focus is on continuity of the value and the set of optimizers, this result is given by
the Theorem of the Maximum (or Maximum Theorem), the proof presented below is that of
Stokey et al. (1989).

Theorem 15.1. (Maximum) Let Θ ⊆ Rm and X ⊆ Rn, let f : Θ×X → R be a continuous
function and Γ : Θ ⇒ X a nonempty, compact valued, continuous correspondence. Define:

v (θ) = max
x∈Γ(θ)

f (x, θ) G (θ) = {x ∈ Γ (θ) |f (x, θ) = v (θ)}

Then v : Θ→ X is continuous, and G : Θ ⇒ X is nonempty and compact valued, and u.h.c.

Proof. The proof is divided in three parts. First it is proven that G is nonempty and compact
valued, then that it is u.h.c. and finally that v is continuous.

i. G is nonempty valued and compact valued.

(a) Let θ ∈ Θ, by hypothesis Γ (θ) is compact and nonempty. Since f (·, θ) is continu-
ous a maximum is attained on Γ (θ) by the extreme value theorem (Weierstrass).
This proves that G (θ) is nonempty for arbitrary θ.

(b) Let θ ∈ Θ, by hypothesis Γ (θ) is compact and nonempty. Since G (θ) ⊆ Γ (θ) it
follows that G (θ) is bounded, it is left to show closedness to establish compactness.
Let xn → x and xn ∈ G (θ) for all n. Clearly xn ∈ Γ (θ) for all n, since Γ is closed
valued it follows that x ∈ Γ (θ), so its feasible. By definition of G we have v (θ) =
f (xn, θ) for all n, since f is continuous we get v (θ) = lim f (xn, θ) = f (x, θ), then
by definition x ∈ G (θ), which proves closedness.

ii. G is u.h.c.

Consider θ ∈ Θ, a sequence in Θ such that θn → θ and a sequence in X such that
xn ∈ G (θn) for all n. Note that xn ∈ Γ (θn). Since Γ is u.h.c. there exists a subsequence
xnk → x ∈ Γ (θ).
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Now consider z ∈ Γ (θ). Since Γ is l.h.c. there exists a sequence in X such that
zn ∈ Γ (θn) and zn → z. In particular the subsequence {znk} also converges to z.

Since xn ∈ G (θn) and zn ∈ Γ (θn) it follows that f (xn, θn) ≥ f (zn, θn). Since f is
continuous in both arguments we get by taking limits: f (x, θ) ≥ f (z, θ). Since the
inequality holds for arbitrary z ∈ Γ (θ) we get the result: x ∈ G (θ). This proves u.h.c.

iii. v is continuous.

Let θ ∈ Θ and θn → θ an arbitrary sequence converging to θ. Consider an arbitrary
sequence in X such that xn ∈ G (θn) for all n.

Let v = lim sup v (θn). By proposition 2.9 there is a subsequence {θnk} such that
v (θnk) → v. Since G is u.h.c. there exists a subsequence of {xnk} (call it

{
xnkl

}
)

converging to a point x ∈ G (θ). Then

v = lim v (θkl) = lim f (xkl , θkl) = f (x, θ) = v (θ)

where the second equality follows from xkl ∈ G (θkl), the third one from f being con-
tinuous and the final one from x ∈ G (θ).

Let v = lim inf v (θn) and by a similar argument we get v (θ) = v.

Since v (θ) = lim inf v (θn) = lim sup v (θn) we get v (θ) = lim v (θn) for arbitrary {θn}
converging to θ. This proves continuity.

The Theorem of the Maximum (ToM) translates continuity of the primitives to u.h.c. of
the solution (recall that since v is a function being u.h.c. implies continuity). In the following
section application to economics are discussed but first two simpler examples (taken from
Sundaram (1996)) are presented.

Example 15.1. Let Θ = [0, 1] and X = [1, 2], also

f (x, θ) = xθ Γ (θ) = X

Clearly f is continuous on Θ×X and Γ is continuous, compact and nonempty valued.
For θ > 0 the function f is strictly increasing in x, then the solution is to pick the highest

x possible. For θ = 0 the function f is constant, then all x ∈ X gives the same value and
hence is optimal. This gives:

v (θ) =

{
1 if θ = 0

2θ if θ > 0
G (θ) =

{
[1, 2] if θ = 0

{2} if θ > 0

Its easy to verify that v is continuous and that G is nonempty valued, compact valued and
u.h.c.

Note that G fails to be l.h.c. at θ = 0, choose x = 1 and let θn = 1 + 1/n, then
∀nG (θn) = {2}, so any sequence xn ∈ G (θn) is of the form xn = 2 for all n. Then for any
sequence xn → 2 6= x, this disproves l.h.c.
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Example 15.2. Let Θ = X = [0, 1], in this example f is continuous but Γ fails to be l.h.c.

f (x, θ) = x Γ (θ) =

{
X if θ = 0

{0} if θ > 0

Clearly Γ is not l.h.c. at 0. The solution to the problem is:

v (θ) =

{
1 if θ = 0

0 if θ > 0
G (θ) =

{
{1} if θ = 0

{0} if θ > 0

Note that v fails to be continuous and that G is neither u.h.c. nor l.h.c. at θ = 0.

As with the optimization problems above convexity and quasi-convexity have implications
over the conclusions of the ToM.

Theorem 15.2. (ToM under convexity) Let Θ ⊆ Rm and X ⊆ Rn, let f : Θ×X → R be a
continuous function and Γ : Θ ⇒ X a nonempty, compact valued, continuous correspondence.
Define:

v (θ) = max
x∈Γ(θ)

f (x, θ) G (θ) = {x ∈ Γ (θ) |f (x, θ) = v (θ)}

i. If f (·, θ) is concave in x for all θ and Γ is convex valued then G is convex valued.

ii. If f (·, θ) is strictly concave in x for all θ and Γ is convex valued then G is single valued,
hence a continuous function.

iii. If f is concave on Θ×X and Γ has a convex graph then v is concave and G is convex
valued.

iv. If f is strictly concave on Θ ×X and Γ has a convex graph then v is strictly concave
and G is single valued, hence a continuous function.

Proof. Each part is proven

i. Consider θ ∈ Θ and let x1, x2 ∈ G (θ) and λ ∈ (0, 1). Define x = λx1 + (1− λ)x2.
Since Γ is convex valued x ∈ Γ (θ). Since f (·, θ) is concave we have:

f (x, θ) = f (λx1 + (1− λ)x2, θ)

≥ λf (x1, θ) + (1− λ) f (x2, θ)

= λv (θ) + (1− λ) v (θ)

= v (θ)

But by the definition of v we have v (θ) ≥ f (x, θ) for all x ∈ Γ (θ), then v (θ) = f (x, θ)
which implies x ∈ G (θ), this proves that G (θ) is convex for arbitrary θ.

ii. The inequality above holds strictly if f is strictly concave. But f (x, θ) > v (θ) contra-
dicts x1, x2 ∈ G (θ) unless x1 = x2. This gives single-valuedness.
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iii. Let θ1, θ2 ∈ Θ and define θ = λθ1 + (1− λ) θ2. Now choose x1 ∈ G (θ1) and x2 ∈ G (θ2)
and define x = λx1 + (1− λ)x2. Since Γ has a convex graph x ∈ Γ (θ). Since x is
feasible but not necessarily optimal we have:

v (θ) ≥ f (x, θ)

≥ λf (x1, θ1) + (1− λ) f (x2, θ2)

= λv (θ1) + (1− λ) v (θ2)

The second inequality follows from f being jointly concave. This establishes concavity
of v.
G being convex valued follows as in (i).

iv. If f is jointly strictly concave the second inequality holds strictly proving strict con-
cavity of v. G being convex valued follows as in (ii).

Theorem 15.3. (ToM under quasi-convexity) Let Θ ⊆ Rm and X ⊆ Rn, let f : Θ ×
X → R be a continuous function and Γ : Θ ⇒ X a nonempty, compact valued, continuous
correspondence. Define:

v (θ) = max
x∈Γ(θ)

f (x, θ) G (θ) = {x ∈ Γ (θ) |f (x, θ) = v (θ)}

i. If f (·, θ) is quasi-concave in x for all θ and Γ is convex valued then G is convex valued.

ii. If f (·, θ) is strictly quasi-concave in x for all θ and Γ is convex valued then G is single
valued, hence a continuous function.

iii. If f is quasi-concave on Θ×X and Γ has a convex graph then v is quasi-concave and
G is quasi-convex valued.

iv. If f is strictly quasi-concave on Θ × X and Γ has a convex graph then v is strictly
quasi-concave and G is single valued, hence a continuous function.

Proof. The proof is an immediate modification of the proof of the Theorem.

i. Consider θ ∈ Θ and let x1, x2 ∈ G (θ) and λ ∈ (0, 1). Define x = λx1 + (1− λ)x2.
Since Γ is convex valued x ∈ Γ (θ). Since f (·, θ) is quasi-concave we have:

f (x, θ) = f (λx1 + (1− λ)x2, θ)

≥ min {f (x1, θ) , f (x2, θ)}
= v (θ)

But by the definition of v we have v (θ) ≥ f (x, θ) for all x ∈ Γ (θ), then v (θ) = f (x, θ)
which implies x ∈ G (θ), this proves that G (θ) is convex for arbitrary θ.
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ii. By assumption Γ is convex valued, then proposition 13.3 applies since f is a strictly
quasi-concave function maximized over a convex set. Then the set of maximizers is
either empty or a singleton. Since G is nonempty valued it follows that it is a singleton
for all θ.

iii. Let θ1, θ2 ∈ Θ and define θ = λθ1 + (1− λ) θ2. Now choose x1 ∈ G (θ1) and x2 ∈ G (θ2)
and define x = λx1 + (1− λ)x2. Since Γ has a convex graph x ∈ Γ (θ). Since x is
feasible but not necessarily optimal we have:

v (θ) ≥ f (x, θ)

≥ min {f (x1, θ1) , f (x2, θ2)}
= min {v (θ1) , v (θ2)}

The second inequality follows from f being jointly quasi-concave. This establishes
concavity of v.
G being convex valued follows as in (i).

iv. If f is jointly strictly quasi-concave the second inequality holds strictly proving strict
quasi-concavity of v. G being convex valued follows as in (ii).

Note that for the versions of the ToM under convexity or quasi-convexity the original
assumptions of the Theorem are not needed, except when establishing that G is continuous (a
consequences of being u.h.c and single valued). These extra versions can be then understood
as separate results.
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15.1 Applications

15.1.1 Budget set

One, useful, application of the material covered above is to determine properties of the budget
correspondence, that indicates the feasible consumption bundles for a consumer given a price
vector p and an endowment vector e. Suppose there are l goods, and that the agent has a
fixed endowment of each good given by the vector e ∈ Rl++, the price of the goods is a vector
p ∈ ∆, where ∆ is the n-dimensional open simplex. Define the budget set correspondence
B (·, e) : ∆ ⇒ Rl+ by

B (p, e) =
{
x ∈ Rl+|p · x ≤ p · e

}
Claim 15.1. B (·, e) is continuous on prices.

Proof. The claim is proved establishing u.h.c. and l.h.c. of B.

i. B (·, e) is upper hemi-continuous on prices.4

Let p ∈ ∆ , {pn} ⊂ ∆ with pn → p and {xn} ⊂ Rl+ a sequence such that xn ∈ B (pn, e).

Since pn → p ∈ ∆ there exists a closed ball, C, around p such that C ⊂ ∆ and for n
large enough pn ∈ C. Let ξi = max

p∈C
p·e
pi

for i = 1, . . . , l. ξi is the maximum amount of

xi that can be bought in the neighborhood of p. Define ξ = max {ξi} + 1, it is clear
that for n large enough xn ∈ Bξ (0), then {xn} is a bounded sequence, hence it admits
a convergent subsequence xnk → x.

Since xnk ∈ B (pnk , e) we have: pnk · xnk ≤ pnk · e, since dot product is a continuous
function taking limits we have p · x ≤ p · e, which is x ∈ B (p, e), proving u.h.c. of B.

ii. B (·, e) is lower hemi-continuous on prices.

Let p ∈ ∆ , {pn} ⊂ ∆ with pn → p and x ∈ B (p, e). Define ηin = max
{

0, pn·x−pn·e
lpin

}
and let xn = x− ηn.
Clearly xn ∈ B (pn, e) since either x ∈ B (pn, e) or

pn · xn = pn · x−
∑

pin

(
pn · x− pn · e

lpin

)
= pn · x− (pn · x− pn · e) = pn · e

then pn · xn ≤ pn · e.
Moreover xn → x, since x ∈ B (p, e) and pn → p it follows that pn · x − pn · e →
p · x − p · e ≤ 0, then ηn = max {0, pn · x− pn · e} → 0 which is xn → x. Then B is
l.h.c.

(a) Note that it wasn’t checked if xn ≥ 0 for all n. This is not guaranteed by the
construction above. With extra notation it can be guaranteed that xin ≥ 0.

4Note that by proposition 14.5 it is always a good idea to check if the set to which the correspondence
maps is compact. If this is the case then one can establish u.h.c. by establishing closedness which is in
general much easier.
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15.1.2 Indirect utility and Marshalian demands

The consumer problem is often laid out without explicit endowments of the goods, instead
the parameters are prices p ∈ Rl++ and a nominal income level I ∈ R+. The set of parameters
is Θ = Rl++ × R. The indirect utility function and the Marshalian demand correspondence
are:

v (p, I) = max
x∈B(p,I)

u (x) G (p, I) = {x ∈ B (p, I) |u (x) = v (p, I)}

where the budget set is given by the correspondence:

B (p, I) =
{
x ∈ Rl+|p · x ≤ I

}
I take as given that B is a nonempty, convex valued and continuous correspondence, and
that u is a continuous function.

Claim 15.2. v and G have the following properties on Θ.

i. v is a continuous function on Θ and G is a nonempty, compact valued, u.h.c. corre-
spondence.

ii. v is nondecreasing in I for fixed p and non-increasing in p for fixed I.

iii. v is jointly quasi-convex on (p, I).

iv. If u is (quasi) concave then v is (quasi) concave in I for fixed p.

v. If u is (quasi) concave then G is a convex valued correspondence.

vi. If u is strictly (quasi) concave then G is a continuous function.

Proof. Each part is proven separately.

i. Since u does not depend on p or I and it is continuous on X it is also continuous on
Θ×X. Then the ToM applies, this gives the result.

ii. Let p ≥ p
′ (in the vector sense) and fix I > 0. It is clear that B (p, I) ⊆ B

(
p
′
, I
)
. Then

bundle feasible at (p, I) is also feasible at
(
p
′
, I
)
. It follows that v (p, I) ≤ v

(
p
′
, I
)
.

Let I ≥ I
′ and fix p ≥ 0. As before B (p, I) ⊇ B

(
p, I

′) which gives v (p, I) ≥ v
(
p, I

′).
iii. To show that v is quasi-convex in (p, I) let p1, p2 ∈ Rl++, I1, I2 ∈ R+ and λ ∈ (0, 1).

Define p = λp1 + (1− λ) p2 and I = λI1 + (1− λ) I2. Suppose for a contradiction that
v (p, I) > max {v (p1, I1) , v (p2, I2)} then there exists x ∈ G (p, I) ⊂ B (p, I) such that

v (p, I) = u (x) > v (p1, I1) ≥ u
(
x
′
)
∀x′∈B(p1,I1)

and:
v (p, I) = u (x) > v (p2, I2) ≥ u

(
x
′
)
∀x′∈B(p2,I2)
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This implies x /∈ B (p1, I1) and x /∈ B (p2, I2). (or else x would have been chosen under
(p1, I1) or (p2, I2)). Then:

p1 · x > I1 ∧ p2 · x > I2

But this implies, by multiplying by λ and 1− λ and summing:

λp1 · x+ (1− λ) p2 · x > λI1 + (1− λ) I2

p · x > I

which contradicts x ∈ B (p, I). Then v (p, I) ≤ max {v (p1, I1) , v (p2, I2)}.

iv. To show that v is (quasi) concave in I for fixed p wee first show that B (p, ·) has a
convex graph. Let I1, I2 ∈ R++, x1 ∈ B (p, I1), x2 ∈ B (p, I2), λ ∈ (0, 1). It follows
that:

p · x1 ≤ I1 p · x2 ≤ I2

Multiplying by λ and (1− λ) and summing, and using properties of dot product, we
get:

p · (λx1 + (1− λ)x2) ≤ λI1 + (1− λ) I2

which is λx1 + (1− λ)x2 ∈ B (p, λI1 + (1− λ) I2), which establishes the desired result.

Since u is (quasi) concave and B has a convex graph v is (quasi) concave by the ToM
under convexity.

v. G is a convex valued correspondence.

The result follows by the ToM under (quasi) convexity, since u is concave (in particular
since it does not depend on p or I) and B is convex valued (for any pair (p, I)).

vi. Since G is u.h.c. we only need it to be single valued for it to be a continuous function.

By the ToM under (quasi) convexity we get the result immediately.

15.1.3 Nash equilibrium in normal form games

A normal form game is formed by:

i. A finite set of agents I = {1, . . . , N}. A generic player is denoted i and the set of other
players −i.

ii. For each player a finite action set Ai. Note A = ×Ai.

iii. For each player a payoff function ui : A→ R.
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From the set of pure strategies of a player one can define the set of mixed strategies. Si =
∆ (Ai), a mixed strategy is a probability distribution over the set of possible actions Ai.
Formally:

Si = ∆ (Ai) =

{
si : Ai → [0, 1] |

∑
ai∈Ai

si (ai) = 1

}
Note that Si is convex and compact. In fact Si is the convex hull of Ai.

If players play mixed strategies they rank alternative strategies according to their expected
payoffs, the expected payoffs are given by function vi : Si × S−i → R which is:

vi (t, s−i) =
∑
ai∈Ai

t (ai)

 ∑
a−i∈A−i

∏
j 6=i

sj (aj)u
i (ai, a−i)


=

∑
a∈A

((
t (ai)

∏
j 6=i

sj (aj)

)
ui (a)

)
In a game where players play simultaneously in a noncooperative manner they have to

answer optimally to a given strategy profile of the other players. The best response of a
player to s−i is given by:

BRi (si, s−i) = BRi (s) =
{
t ∈ Si|∀r∈Siui (t, s−i) ≥ ui (r, s−i)

}
= argmax

t∈Si
vi (t, s−i)

Note that BRi is the solution to the problem V (s) = max
t∈Si

vi (t, s−i).

Since Si is a fixed set it is also a constant correspondence with argument s, a strategy
profile. It is then continuous as well as nonempty, compact and convex valued. Moreover vi
is continuous in s−i and constant in si by construction, then it is continuous in s. v is also
linear in t holding s−i constant, then it is concave. It follows that the ToM under convexity
applies, then the BR is a nonempty, compact and convex valued and u.h.c. correspondence
for each player.

A Nash Equilibrium is defined as a strategy profile s? ∈ S such that s?i ∈ BRi (s
?) for

all i. A way to think about it is to form a correspondence with the cartesian product of the
individual BR correspondences, this is BR : S → S defined as:

BR (s) = ×BRi (s)

Note that BR is by construction a nonempty, compact and convex valued and u.h.c. corre-
spondence.

A NE is then a fixed point of the correspondence BR. The following theorem will establish
the existence of such fixed point.

Theorem 15.4. (Kakutani) Let S ⊂ Rn be nonempty, compact and convex, and Γ : S ⇒ S
be a nonempty valued, compact valued, convex valued and u.h.c. correspondence. Then Γ has
a fixed point in S (∃x∈Sx ∈ Γ (x)).

Remark 15.1. Since S is compact u.h.c is equivalent to Γ having a closed graph.
Note that S as defined above is nonempty, compact and convex, and that BR is nonempty

valued, convex valued, compact valued and is u.h.c. then the Theorem applies proving the
existence of a Nash Equilibrium in mixed strategies.
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16 Monotonicity and Supermodularity
The material in this Section draws from chapter 10 of Sundaram (1996), but a more author-
itative source is Topkis (1998). For continuity of these notes I follow Sundaram for most of
the exposition and only make use of extra material as needed. Applications of these topics
can be found in chapters 3 to 5 of Topkis (1998), chapter 12 of Fudenberg and Tirole (1991)
and in the literature on Global Games (a good introduction to the literature can be found in
Morris and Shin (2003)).

16.1 Monotonicity of the value function

While the ToM addresses the continuity of optimization problems another problem is to
establish if the value of the problem and its solution are monotone in the parameters. The
first question can be solved with the same tools used when addressing continuity. Establishing
monotonicity of the set of optimizers is more challenging and will be dealt with later.

Theorem 16.1. (ToM under Monotonicity) Let Θ ⊆ Rm and X ⊆ Rn, let f : Θ ×
X → R be a continuous function and Γ : Θ ⇒ X a nonempty, compact valued, continuous
correspondence. Define:

v (θ) = max
x∈Γ(θ)

f (x, θ) G (θ) = {x ∈ Γ (θ) |f (x, θ) = v (θ)}

Let f and Γ be monotonic on θ in the sense that:

θ ≤ θ
′ −→ Γ (θ) ⊆ Γ

(
θ
′
)
∧ ∀xf (x, θ) ≤ f

(
x, θ

′
)

Then v : Θ → X is continuous and non-decreasing on θ, and G : Θ ⇒ X is nonempty and
compact valued, and u.h.c.

Proof. Continuity of f along with the properties of G are established by the ToM. We say
that v is non-decreasing on θ if:

θ ≤ θ
′ −→ v (θ) ≤ v

(
θ
′
)

This can be shown directly. Let θ ≤ θ
′ , then by definition, letting xθ ∈ G (θ) and xθ′ ∈ G

(
θ
′)

we have:
v (θ) = f (xθ, θ) ≤ f

(
xθ, θ

′
)
≤ f

(
xθ′ , θ

′
)
≤ v

(
θ
′
)

Where the second inequality follows from the monotonicity assumption on f and the second
one from the monotonicity assumption on Γ, and properties of the supremum (or maximum).

Note that this result, as all the results in this section are mildly unsatisfactory since the
relation ≥ is an incomplete relation in Rn. Then for θ, θ′ ∈ Θ it can can be the case that
neither θ ≤ θ

′ or θ ≥ θ
′ . Also, note that the monotonicity assumption on Γ alone is not

sufficient for the result. Consider the following example:
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Example 16.1. Let Θ = [−1/2, 1/2] and X = R. Let f (x, θ) = 1
θ+1

+ x and Γ (θ) = [−1/2, θ].
Clearly f is continuous in both θ and x, and Γ (θ) is always non-empty and compact, fur-
thermore it is continuous, it also satisfies Γ (θ) ⊆ Γ

(
θ
′) for any θ ≤ θ

′ . Yet f is strictly
decreasing on θ.

Since f is strictly increasing on x for all θ, the value and solution to the problem of
maximizing f subject to Γ are:

v (θ) =
1

θ + 1
+ θ G (θ) = {θ}

It can be verified that v is strictly decreasing for θ < 0 and strictly increasing for θ > 0. For
this consider the first derivative of v:

v
′
(θ) =

−1

(θ + 1)2 + 1

The derivative is nonnegative one for θ ≥ 0:

v
′
(θ) ≥ 0

1 ≥ 1

(θ + 1)2

θ ≥ 0

This proves that v is not non-decreasing on all of Θ.

On the other hand the monotonicity assumption on f is not necessary, as is made clear
by the following example:

Example 16.2. Let Θ = [0, 1] and X = R. Let f (x, θ) = x
θ+1

and Γ (θ) = [0, θ]. Clearly f
is continuous in both θ and x, and Γ (θ) is always non-empty and compact, furthermore it is
continuous, it also satisfies Γ (θ) ⊆ Γ

(
θ
′) for any θ ≤ θ

′ . Yet f is strictly decreasing on θ for
fixed x.

Since f is strictly increasing on x for all θ, the value and solution to the problem of
maximizing f subject to Γ are:

v (θ) =
θ

θ + 1
G (θ) = {θ}

Yet in this case v is strictly increasing for all θ. For this consider the first derivative of v:

v
′
(θ) =

1

(θ + 1)2 > 0

This proves that v is strictly increasing on all of Θ, even though f is decreasing on θ.
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16.2 Lattices and supermodularity

Before stating the results on monotonicity of the solution let us define the greater than or
equal relation on Rn:

Definition 16.1. (Partial Order on Rn) Let x, y ∈ Rn we say:

x = y if ∀i xi = yi

x ≥ y if ∀i xi ≥ yi

x > y if x ≥ y ∧ x 6= y

x� y if ∀i xi > yi

Along with this relation we can define a certain type of sets and operators that will be
used in what follows. These sets can be guaranteed to have a least and a greatest element, and
the operators will help to introduce the concept of a supermodular function, these concepts
are necessary for the results we seek. Supermodular functions over lattices are in fact what
characterizes complementarity between inputs of a function. This complementarity is the
key for proving monotonicity later.

Definition 16.2. (Lattice Operators) Let x, y ∈ Rn. Lattice operators ∧ and ∨ are
defined as:

x ∧ y =

 min [x1, y1]
...

min [xn, yn]

 and x ∨ y =

 max [x1, y1]
...

max [xn, yn]


Note that by construction x ∧ y ≤ x and x ∨ y ≥ x, with equality only if x ≤ y or x ≥ y

respectively. In fact if x � y it follows that x ∧ y < x and if x � y then x ∨ y > x.
We can now define a lattice as a set that is closed under the lattice operators:

Definition 16.3. (Lattice) A set X ⊆ Rn is a lattice is ∀x,y∈Xx∧ y ∈ X and x∨ y ∈ X.

Lattices have many important properties, yet they won’t be necessary for the results in the
following section and are hence omitted. A detailed account of such properties is presented
by Topkis (1998). One property that will be used is the fact that compact lattices admit a
greatest and a least element:

Proposition 16.1. Let X be a compact set. If X is a lattice then there exist elements
x, x ∈ X such that ∀x∈Xx ≥ x ∧ x ≥ x.

Something that is worth mentioning is that among lattices it is possible to establish a set
order:

Definition 16.4. (Strong Set Order) Let A,B ⊆ Rn.

A ≤sso B ⇐⇒ ∀x∈A∀y∈Bx ∧ y ∈ A and x ∨ y ∈ B

If A and B are singletons the strong set order is the usual inequality between vectors.
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With this set order it is possible to define monotonicity for correspondences:

Definition 16.5. (Monotone non-decreasing or non-increasing correspondence) Let
Θ ⊆ Rm and ϕ : Θ→ Rn a correspondence. ϕ is monotone non-decreasing in θ if:

∀θ,θ′θ ≤ θ
′ −→ ϕ (θ) ≤sso ϕ

(
θ
′
)

it is monotone non-increasing if instead ϕ
(
θ
′) ≤sso ϕ (θ).

Now we can define two (related) properties of functions that will be crucial for determining
the monotonicity of the set of optimizers.

Definition 16.6. (Supermodular function) A function f : S → R on a lattice S is
supermodular on S if:

∀s,s′∈Sf
(
s ∨ s′

)
+ f

(
s ∧ s′

)
≥ f (s) + f

(
s
′
)

In applications S = X ×Θ and s = (x, θ).

Definition 16.7. (Non-decreasing (non-increasing) differences) Let X ⊆ Rn, Θ ⊆ Rm
and f : X×Θ→ R. f (x, θ) has non-decreasing differences in (x, θ) if for x′ ≥ x the difference
f
(
x
′
, θ
)
−f (x, θ) is non-decreasing in θ. It has non-increasing differences if f

(
x
′
, θ
)
−f (x, θ)

is non-increasing in θ. These conditions are equivalent to:

∀x′≥x∀θ′≥θf
(
x
′
, θ
′
)
− f

(
x, θ

′
)
≥ (≤) f

(
x
′
, θ
)
− f (x, θ)

The following proposition is useful to generate examples of supermodular functions, as it
is to check if they are indeed supermodular. It turns out that all functions of real variable
are supermodular and that supermodularity and increasing differences are equivalent for
functions of two variables.

Proposition 16.2. Let f : S → R be a function:

i. If S ⊆ R then f is supermodular.

ii. If S ⊆ Rn then f is supermodular if and only if it has non-decreasing differences.

iii. If S = X ×Θ and f is supermodular then f has non-decreasing differences.

iv. If S = X ×Θ and f is supermodular in (x, θ) then f is supermodular on x for fixed θ:

∀x,x′∈X f
(
x ∧ x′ , θ

)
+ f

(
x ∨ x′ , θ

)
≥ f (x, θ) + f

(
x
′
, θ
)

Proof.
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i. Let f : S → R and s, s′ ∈ S ⊆ R, then wlog s ≤ s
′ , by completeness of the relation ≥

in the real numbers.
f is supermodular if and only if:

f
(
s ∨ s′

)
+ f

(
s ∧ s′

)
≥ f (s) + f

(
s
′
)

By definition of the lattice operators we have: s = s ∧ s and s′ = s ∨ s′ , then:

f
(
s
′
)

+ f (s) ≥ f (s) + f
(
s
′
)

which is always satisfied.

ii. The proof for S ⊆ R2 is presented below. The general proof is in Sundaram (1996, sec.
10.4, pg. 264).
Let f : S → R and S ⊆ R2.

(a) Suppose f is supermodular and let s =
(
x, θ

′) and s′ =
(
x
′
, θ
)
such that x′ ≥ x and

θ
′ ≥ θ. By construction s ∨ s′ =

(
x
′
, θ
′) and s ∧ s′ = (x, θ). By supermodularity

of f :

f
(
s ∨ s′

)
+ f

(
s ∧ s′

)
≥ f (s) + f

(
s
′
)

f
(
x
′
, θ
′
)

+ f (x, θ) ≥ f
(
x, θ

′
)

+ f
(
x
′
, θ
)

Rearranging we get:

f
(
x
′
, θ
′
)
− f

(
x, θ

′
)
≥ f

(
x
′
, θ
)
− f (x, θ)

which is the definition of increasing differences. Then f has increasing differences.
(b) Suppose f has increasing differences and let s = (x, θ) and s

′
=
(
x
′
, θ
′). Wlog

x ≤ x
′ , by completeness of the relation ≥ in the real numbers. There are then two

cases to check θ ≤ θ
′ and θ > θ

′ :
Case 1. Let θ ≤ θ

′ . Then s∨s′ = s
′
=
(
x
′
, θ
′) and s∧s′ = s = (x, θ). In this the

condition for supermodularity is satisfied seldom. f is supermodular if:

f
(
s ∨ s′

)
+ f

(
s ∧ s′

)
≥ f (s) + f

(
s
′
)

f
(
s
′
)

+ f (s) ≥ f (s) + f
(
s
′
)

which is verified automatically.
Case 2. Let θ > θ

′ . Then s ∨ s′ =
(
x
′
, θ
)
and s ∧ s′ =

(
x, θ

′). Since f has
increasing differences we have, for x ≤ x

′ and θ′ < θ:

f
(
x
′
, θ
)
− f (x, θ) ≥ f

(
x
′
, θ
′
)
− f

(
x, θ

′
)

f
(
s ∨ s′

)
− f (s) ≥ f (s)− f

(
s ∧ s′

)
f
(
s ∨ s′

)
+ f

(
s ∧ s′

)
≥ f (s) + f

(
s
′
)

which is the condition for supermodularity.
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iii. Note that the proof of part (a) in the second part of the proposition does not use the
fact that S ⊆ R2. The proof is valid for any S = X ×Θ.

iv. This is immediate from taking the definition of supermodularity using s = (x, θ) and
s
′
=
(
x
′
, θ
)
.

Example 16.3. Let X = Θ = R+ and f (x, θ) = xθ. We want to show that f is supermod-
ular. We will do this in two ways. Directly and by means of the previous proposition.

i. Direct proof:
Let (x, θ) ,

(
x
′
, θ
′) ∈ X ×Θ. Wlog x ≤ x

′ .

(a) Suppose θ ≤ θ
′ . Then (x, θ)∧

(
x
′
, θ
′)

= (x, θ) and (x, θ)∨
(
x
′
, θ
′)

=
(
x
′
, θ
′). This

implies:

f
(

(x, θ) ∧
(
x
′
, θ
′
))

+ f
(

(x, θ) ∨
(
x
′
, θ
′
))

= f (x, θ) + f
(
x
′
, θ
′
)

Thus satisfying supermodularity trivially.
(b) Suppose θ > θ

′ . Then (x, θ)∧
(
x
′
, θ
′)

=
(
x, θ

′) and (x, θ)∨
(
x
′
, θ
′)

=
(
x
′
, θ
)
. This

implies:

f
(

(x, θ) ∧
(
x
′
, θ
′
))

+ f
(

(x, θ) ∨
(
x
′
, θ
′
))

= f
(
x, θ

′
)

+ f
(
x
′
, θ
)

= xθ
′
+ x

′
θ

We want to establish that:

f
(

(x, θ) ∧
(
x
′
, θ
′
))

+ f
(

(x, θ) ∨
(
x
′
, θ
′
))

≥ f (x, θ) + f
(
x
′
, θ
′
)

xθ
′
+ x

′
θ ≥ xθ + x

′
θ
′(

x
′ − x

)(
θ − θ′

)
≥ 0

which is verified since x′ ≥ x and θ > θ
′ .

ii. Proposition:
Since f has its domain in R2 it suffices to show that f has non-decreasing differences.
To see this let x ≤ x

′ and note:

f
(
x
′
, θ
)
− f (x, θ) =

(
x
′ − x

)
θ

Since x′ − x ≥ 0 this function is non-decreasing in θ. This completes the proof.

The following proposition characterizes supermodular functions that are twice continu-
ously differentiable. Interestingly the only conditions are on the off-diagonal elements of
the Hessian matrix. This is markedly different to what was found for convex and concave
functions.

Proposition 16.3. Let f : S → R be twice continuously differentiable on S ⊆ Rn with S a
lattice. f is supermodular in S if and only if

∀s∈S∀i 6=j
∂2f

∂si∂sj
(s) ≥ 0
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16.3 Monotonicity of the set of optimizers

There are several results related to the monotonicity of the set of maximizers. The first
one is referred to as Topkis’ Theorem and establishes sufficient conditions for the solution of
optimization problem to be a monotone increasing correspondence.

We first prove a simpler proposition that establishes that supermodularity translates into
correspondences that are “lattice-valued”:

Proposition 16.4. Consider the following maximization problem:

v (θ) = max
x∈Γ(θ)

f (x, θ) G (θ) = {x ∈ Γ|f (x, θ) = v (θ)}

If Γ (θ) is a compact lattice for all θ and f is continuous and supermodular in x then G (θ)
is a compact lattice for all θ. Moreover G (θ) admits a greatest and a least element x (θ) and
x (θ).

Proof. Let θ ∈ Θ and x, x′ ∈ G (θ). Since f is supermodular in x we have:

f
(
x ∧ x′ , θ

)
+ f

(
x ∨ x′ , θ

)
≥ f (x, θ) + f

(
x
′
, θ
)

Since Γ (θ) is a lattice x ∧ x′ ∈ Γ (θ) and x ∨ x′ ∈ Γ (θ). Then:

v (θ) = f (x, θ) ≥ f
(
x ∧ x′ , θ

)
and v (θ) = f

(
x
′
, θ
)
≥ f

(
x ∨ x′ , θ

)
Summing we have:

f (x, θ) + f
(
x
′
, θ
)
≥ f

(
x ∧ x′ , θ

)
+ f

(
x ∨ x′ , θ

)
Joining:

f
(
x ∧ x′ , θ

)
+ f

(
x ∨ x′ , θ

)
= f (x, θ) + f

(
x
′
, θ
)

= 2v (θ)

Now suppose for a contradiction that either f
(
x ∧ x′ , θ

)
6= v (θ) or f

(
x ∨ x′ , θ

)
6= v (θ),

since vi is defined as the sup it follows that one of them is strictly less, which contradicts the
equality above. It must be then that they are both equal to v (θ). This gives: x ∧ x′ ∈ G (θ)
and x ∨ x′ ∈ G (θ).

Note that since Γ (θ) is compact and f is continuous in x it follows that G is compact. To
see this is sufficient to establish that G is closed. Let {xn} ⊆ G (θ) such that xn → x then
f (xn, θ) ≥ f (y, θ) for all y ∈ Γ (θ). Since f is continuous taking limits gives f (x, θ) ≥ f (y, θ)
for all y ∈ Γ (θ), then x ∈ G (θ).

Since G (θ) is a compact lattice it follows that it admits a greatest and a least element.

Theorem 16.2. (Topkis) Consider the following maximization problem:

v (θ) = max
x∈Γ

f (x, θ) G (θ) = {x ∈ Γ|f (x, θ) = v (θ)}

If Γ is a compact lattice, f is supermodular in x and has non-decreasing (non-increasing)
differences in (x, θ) then G is a monotone non-decreasing (non-increasing) correspondence.
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Proof. Let θ, θ ∈ Θ and x ∈ G (θ) and x
′ ∈ G

(
θ
′), we want to show that if θ ≤ θ

′ then
x ∧ x′ ∈ G (θ) and x ∨ x′ ∈ G

(
θ
′).

Let x ∈ G (θ) and x′ ∈ G
(
θ
′), then:

0 ≤ f
(
x
′
, θ
′
)
− f

(
x ∨ x′ , θ′

)
optimality of x′at θ

′

≤ f
(
x ∧ x′ , θ′

)
− f

(
x
′
, θ
′
)

supermodularity in x

≤ f
(
x ∧ x′ , θ

)
− f (x, θ) increasing differences

≤ 0 optimality of xat θ

Then all this relations have to hold with equality. By the first line we get that f
(
x ∨ x′ , θ′

)
=

f
(
x
′
, θ
′)

= v
(
θ
′) and by the last line that f

(
x ∧ x′ , θ

)
= f (x, θ) = v (θ). Then x∨x′ ∈ G

(
θ
′)

and x ∧ x′ ∈ G (θ).
Remark. Note that if f has instead non-increasing differences the proof goes without any
major changes.

Corollary 16.1. The previous result extends to the case when Γ : Θ ⇒ X is a correspondence
provided that Γ (θ) is a compact lattice for all θ and Γ is monotone non-decreasing (non-
increasing) in θ.

Proof. The proof of the theorem goes unchanged by noting that since x ∈ G (θ) ⊆ Γ (θ) and
x
′ ∈ G

(
θ
′) ⊆ Γ

(
θ
′) then by the monotonicity assumption x∧ x′ ∈ Γ (θ) and x∨ x′ ∈ Γ

(
θ
′),

ensuring that:

0 ≤ f
(
x
′
, θ
′
)
− f

(
x ∨ x′ , θ′

)
and f

(
x ∧ x′ , θ

)
− f (x, θ) ≤ 0

The other two inequalities still follow from supermodularity and increasing differences.

Finally the result of Topkis’ Theorem can be strengthened:

Proposition 16.5. Consider the maximization problem in Topkis’ Theorem (Theorem 16.2)
and let Γ and f satisfy the same assumptions. Then:

i. Let x (θ) and x (θ) be the greatest and least elements of G (θ). They are both non-
decreasing (non-increasing) functions:

θ < θ
′ −→ x (θ) ≤ x

(
θ
′
)
∧ x (θ) ≤ x

(
θ
′
)

ii. If f satisfies strictly increasing (decreasing) differences in (x, θ) then if θ < θ
′ and

x ∈ G (θ) and x′ ∈ G
(
θ
′) we have x ≤ x

′.

Proof. Let θ < θ
′ :
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i. Let x = x (θ) and x
′

= x
(
θ
′). Note that x ∨ x′ ≥ x

′ and that x ∨ x′ > x
′ unless

x
′ ≥ x. But x ∨ x′ > x

′ contradicts x′ being the greatest element of G
(
θ
′), since

x ∨ x′ ∈ G
(
θ
′) by Topkis’ Theorem. This establishes monotonicity of x (θ) since it

must be that x (θ) ≤ x
(
θ
′) if θ < θ

′ .
Now let x = x (θ) and x

′
= x

(
θ
′). Note that x ∧ x′ ≤ x and that x ∧ x′ < x

unless x ≤ x
′ . But x ∧ x′ < x contradicts x being the least element of G (θ), since

x∧x′ ∈ G (θ) by Topkis’ Theorem. This establishes monotonicity of x (θ) since it must
be that x (θ) ≤ x

(
θ
′) if θ < θ

′ .

ii. Let x ∈ G (θ) and x′ ∈ G (θ). Suppose for a contradiction that it does not hold that
x ≤ x

′ . Then we have x ∧ x′ < x and x ∨ x′ > x
′ . If f satisfies strictly increasing

differences we have, since θ′ > θ:

f
(
x, θ

′
)
− f

(
x ∧ x′ , θ′

)
> f (x, θ)− f

(
x ∧ x′ , θ

)
Note that this contradicts the sequence of equalities in Topkis’ Theorem. Then it must
be that x ≤ x

′ .
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16.4 Applications of Supermodularity

16.4.1 Spring 2009 - Q 2.1 [Werner] (Topkis - Input Taxes)

Consider a profit maximizing firm with single output and n inputs, with production function
f : Rn+ → R+ assumed strictly increasing, continuous (but possibly non-differentiable), and
f (0) = 0. Let q ∈ R++ be the price of output and w ∈ Rn++ be the vector of prices of inputs.
The firm is taxed at rate t > 0 of its total cost. The firm’s profit maximization problem is

max
x≥0

qf (x)− wx− t (wx)

. Let x? (t) denote the profit maximizing vector of inputs (assumed unique) as function of
tax rate t.

i. State a definition of production function f being supermodular. State a criterion for
supermodularity of f under an additional assumption that f is twice differentiable.

A function f is supermodular if ∀x, y ∈ Rn+

f (x ∨ y) + f (x ∧ y) ≥ f (x) + f (y)

where f (x ∨ y) = f (max (x1, y1) , . . . ,max (xn, yn)) and f (x ∧ y) = f (min (x1, y1) , . . . ,min (xn, yn)).
Under an additional assumption that f is twice differentiable then a function is super-
modular if and only if

∂2f

∂xi∂xj
(x) ≥ 0

for all i 6= j and all x ∈ Rl+

ii. Show that if f is supermodular, then input demand x? is a non-increasing function of
t, that is, if t′ ≥ t, then x? (t?) ≤ x? (t). If you use a known mathematical theorem in
your proof, make sure that you state that theorem clearly.

To solve this problem we will use a corollary to Topkis’ Theorem which states.

Given a problem of the form max
x∈S

F (x, y) with x∗ (y) = arg max
x∈S

F (x, y) then x∗ is a
non-increasing function of t if

(a) S is a lattice - The set Rn+ is a lattice, note that if x and y are in Rn+ then x ∧ y
and x ∨ y contain only non-negative elements and are thus in Rn+

(b) F is supermodular in x (given y)- By assumption f is supermodular. Then note
that linear functions are also supermodular because x + y = x ∧ y + x ∨ y since
every element in both x and y is in one and only one of x ∧ y and x ∨ y. Then F
is supermodular iff[
qf (x ∨ y)− w (x ∨ y)− t (w (x ∨ y))

−qf (x) + wx+ t (wx)

]
≥

[
qf (y)− wy − t (wy)

−qf (x ∧ y) + w (x ∧ y) + t (w (x ∧ y))

]
qf (x ∨ y)− qf (x) ≥ qf (y)− qf (x ∧ y)

f (x ∨ y)− f (x) ≥ f (y)− f (x ∧ y)

which follows from the supermodularity of f . Thus F is supermodular.
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(c) F has non-increasing differences in x, y - Let x′ ≥ x and t′ ≥ t then we want to
verify

qf (x′)− wx′ − t′ (wx′)− qf (x) + wx+ t′ (wx) ≤ qf (x′)− wx′ − t (wx′)− qf (x) + w (x) + t (wx)

−t′ (wx′) + t′ (wx) ≤ −t (wx′) + t (wx)

t′ (wx− wx′) ≤ t (wx− wx′)
t′ ≥ t

The second to last line follows from the fact that wx− wx′ is a negative number
because x′ ≥ x. This verifies that F has non-increasing differences in x, y.

Therefore, x? (t) is a non-increasing function.
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16.4.2 Fall 2009 - Q 1.1 [Werner] (Topkis - Production Price)

on function f : Rn+ → R+ assumed strictly increasing, continuous (but possibly non-differentiable),
and f (0) = 0. Let q ∈ R++ be the price of output and w ∈ Rn++ be the vector of prices of
inputs. The firm’s profit maximization problem is:

max
x≥0

qf (x)− w · x

Let x? (q) denote the profit maximizing vector of inputs (assumed unique) as function of
output price q.

i. State a definition of production function f being supermodular. Show that the Cobb-

Douglas production function f (x) =
n∏
i=1

xαii , where αi > 0 for all i, and
n∑
αi < 1
i=1

, is

supermodular.

(a) Let x, y ∈ Rn+ and define x ∧ y = (min (x1, y1) , . . . ,min (xn, yn)) and x ∨ y =
(max (x1, y1) , . . . ,max (xn, yn)). f is supermodular if for every x, y ∈ Rn+: f (x ∨ y)+
f (x ∧ y) ≥ f (x)+f (y). wlog let Ix be the set of indexes of the elements for which
xi = max (xi, yi) and Iy be the set for indexes for which yi = max (xi, yi)∧yi 6= xi.

f (x ∨ y)− f (x) ≥ f (y)− f (x ∧ y)∏
i∈Ix

xαii
∏
i∈Iy

yαii −
n∏
i=1

xαii ≥
n∏
i=1

yαii −
∏
i∈Ix

yαii
∏
i∈Iy

xαii

where the product over an empty set is defined to be equal to 1.

∏
i∈Ix

xαii

∏
i∈Iy

yαii −
∏
i∈Iy

xαii

 ≥∏
i∈Ix

yαii

∏
i∈Iy

yαii −
∏
i∈Iy

xαii


By construction

∏
i∈Iy

yαii >
∏
i∈Iy

xαii then:

∏
i∈Ix

xαii ≥
∏
i∈Ix

yαii

which is verified by construction of the set Ix. This proves supermodularity of f .
Alternatively a function f ∈ C2 is supermodular if an only if: ∂2f

∂xi∂xj
(x) ≥ 0 for

all x and all i 6= j. In the Cobb Douglas case:

∂2f

∂xi∂xj
(x) = αiαjx

αi−1
i x

αj−1
j

∏
k 6=i 6=j

xα
k

k ≥ 0

the inequality is verified since x ∈ Rn+ and αi > 0 for all i.

ii. Show that if f is supermodular, then input demand x? (q) is a nondecreasing function
of q. If you use a known mathematical theorem in your proof, make sure that you state
that theorem clearly.
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(a) Theorem (Topkis): Let Θ ⊂ Rm and F : Rn+ ×Θ→ R be a function and consider
the problem:

max
x∈S

F (x, θ) x? (θ) =

{
x ∈ S|F (x, θ) = max

x∈S
F (x, θ)

}
If S ⊂ Rn+ is a lattice, F is supermodular in x for fixed θ and F (x, θ) has non-
decreasing differences in (x, θ) then x? (θ) is monotone non-decreasing in θ. If
x? (θ) is a singleton for every θ then x? is a non-decreasing function of θ.

(b) Note that Rn+ is a lattice since for all x, y ∈ Rn+ it holds that x ∧ y ∈ Rn+ and
x ∨ y ∈ Rn+.

(c) Let f : Rn+ → R be supermodular in x and define F (x, q) = qf (x)− w · x. Note
that F (x, q) is supermodular in x:

F (x ∨ y, q)− F (x, q) ≥ F (y, q)− F (x ∧ y, q)
qf (x ∨ y)− w · (x ∨ y)− qf (x) + w · x ≥ qf (y)− w · y − qf (x ∧ y) + w · (x ∧ y)

q (f (x ∨ y) + f (x ∧ y)− f (x)− f (x)) ≥ w · (x− y + x ∧ y − x ∨ y)

By definition of the ∧ and ∨ operators x−y+x∧y−x∨y = 0, and by supermod-
ularity of f f (x ∨ y) + f (x ∧ y) − f (x) − f (x) ≥ 0. Since q ∈ R++ this verifies
the inequality and completes the proof.

(d) Note that F (x, q) has non-decreasing differences in (x, q). Let x1 ≥ x2 and q1 ≥ q2

then it must be that:

F (x1, q1)− F (x2, q1) ≥ F (x1, q2)− F (x2, q2)

q1f (x1)− w · x1 − q1f (x2) + w · x2 ≥ q2f (x1)− w · x1 − q2f (x2) + w · x2

q1 (f (x1)− f (x2)) ≥ q2 (f (x1)− f (x2))

Since f is a strictly increasing function f (x1) − f (x2) ≥ 0 then the inequality is
verified since q1 ≥ q2.

(e) Since all the requirements of Topkis’ theorem are satisfied, and assuming a unique
solution, we have the result: x? (q1) ≥ x? (q2) for q1 ≥ q2. That is, x? (q) is a
non-decreasing function.
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Part V

Dynamic Programming
The topic of the following sections is how to state and solve (deterministic) dynamic pro-
gramming problems. That is how to solve a Bellman equation of the form:

v (x) = sup
y∈Γ(x)

{F (x, y) + βv (y)}

where the solution is given by a function v satisfying the equation. The final objective
is to establish conditions for a solution to exist and characterize the properties of such a
solution. To do this some mathematical background has to be set up, this is done in Section
17 where the contraction mapping theorem is stated and proven, and sufficient conditions for
an operator to be a contraction are established.

Once the basic tools are in place the problem at hand is to express usual sequential
problems (stated in terms of infinite sums) in a recursive way, the equivalence between the
two representations of the problem is established by optimality principle which is presented
in Section 18, along with it the conditions for existence of a solution and the properties it
can inherit from the objective function F and the correspondence Γ are listed.

All the exposition of the theoretical aspects follows (very) closely Section 3.2 and all
of chapter 4 of Stokey et al. (1989).5 Most proofs are relegated to the book since their
treatment would require more time than the one the course has. Finally some applications of
dynamic programming theory are presented. All of the applications are taken from previous
preliminary exams in Macroeconomic Theory at the University of Minnesota.

5There is no reason to deviate.
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17 Contraction Mapping Theorem
Three results are covered in this section that will be essential for studying dynamic program-
ming (DP) problems. These results are the contraction mapping theorem, its corollary and
the Blackwell sufficiency conditions. Before stating them recall the definition of a complete
metric space and of a contraction mapping (or simply contraction) in a metric space:

Definition 17.1. A metric space is a pair (S, ρ) of a set and a metric (or distance) ρ :
S × S → R such that for all x, y, z ∈ S:

i. ρ (x, y) ≥ 0 and ρ (x, y) = 0 ⇐⇒ x = y.

ii. ρ (x, y) = ρ (y, x).

iii. ρ (x, z) ≤ ρ (x, y) + ρ (y, z).

A metric space is furthermore complete if all Cauchy sequences in S converge to an element
in S.

Definition 17.2. Let (S, ρ) be a metric space and T : S → S a function mapping S into
itself. T is a contraction (with modulus β) if and only if there exists β ∈ (0, 1) such that for
all x, y ∈ S:

ρ (Tx, Ty) ≤ βρ (x, y)

The iterates of T are the mappings {T n} defined by T 0x = x and T nx = T (T n−1x) fro
n = 1, 2, . . ..

The contraction mapping theorem establishes the existence and uniqueness of a fixed point
in S for any contraction mapping, moreover it provides a simple algorithm to approximate
the fixed point from any arbitrary point in the space. A fixed point is a point x ∈ S such
that x = Tx.

Theorem 17.1. (Contraction Mapping Theorem) Let (S, ρ) be a complete metric space
and T : S → S a contraction with modulus β, then:

i. T has exactly one fixed point v ∈ S.

ii. For any v0 ∈ S and n = 0, 1, . . . it holds that:

ρ (T nv0, v) ≤ βnρ (v0, v)

Proof. The outline of the proof is to establish that the sequence {vn} ⊂ S with vn = T nv0

is Cauchy and the use completeness of the space to argue that its limit is the fixed point of
the mapping.

Let v0 ∈ S and define vn+1 = Tvn so that vn = T nv0. Since T is a contraction mapping:

ρ (v2, v1) = ρ (Tv1, T v0) ≤ βρ (v1, v0)

By induction we get:
ρ (vn+1, vn) ≤ βnρ (v1, v0)
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Then for m > n we get:

ρ (vm, vn) ≤ ρ (vm, vm−1) + ρ (vm−1, vm−2) + . . .+ ρ (vn+1, vn)

≤
(
βm−1 + βm−2 + . . .+ βn

)
ρ (v1, v0)

= βn
(
βm−n−1 + βm−n−2 + . . .+ 1

)
ρ (v1, v0)

≤ βn

1− β
ρ (v1, v0)

Since ρ(v1,v0)
1−β is fixed, and finite, and βn → 0 its clear that for any ε > 0 there exists N large

enough for ρ (vm, vn) ≤ ε for all m,n ≥ N . Then {vn} is Cauchy and since S is complete
there exists v ∈ S such that vn → v.

Now we show that v is a fixed point of T . For all n and v0:

ρ (Tv, v) ≤ ρ (Tv, T nv) + ρ (T nv, v)

≤ βρ
(
v, T n−1v

)
+ ρ (T nv, v)

= βρ (v, vn−1) + ρ (vn, v)

Since vn → v it follows that ρ (v, vn−1)→ 0 and ρ (vn, v)→ 0. Since this is done for arbitrary
n we get ρ (Tv, v) ≤ ε for all ε > 0 which implies ρ (Tv, v) = 0. By definition this is Tv = v,
a fixed point.

To show uniqueness suppose for a contradiction that there is v′ 6= v such that Tv′ = v
′ ,

then:
0 6= ρ

(
v
′
, v
)

= ρ
(
Tv
′
, T v

)
≤ βρ

(
v
′
, v
)

But this contradicts β < 1. Then v is the unique fixed point.
The second part of the theorem follows by induction, note that

ρ (Tv0, v) = ρ (Tv0, T v) ≤ βρ (v0, v)

and that for any n ≥ 1:

ρ (T nv0, v) = ρ (T nv0, T v) ≤ βρ
(
T n−1v0, v

)
The result follows.

The contraction mapping theorem is a very powerful and simple theorem, yet its results
can be strengthened by further characterizing the fixed point. So far it has been established
its existence in S and its uniqueness, the following corollary to the theorem allows to locate
the fixed point in a given subset of S.

Corollary 17.1. Let (S, ρ) be a complete metric space and T : S → S a contraction mapping
with fixed point v ∈ S.

i. If S ′ ⊆ S is closed and T
(
S
′) ⊆ S

′, then v ∈ S ′.

ii. If in addition there exists S ′′ ⊆ S
′ such that T

(
S
′) ⊆ S

′′, then v ∈ S ′′.
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Proof. Let v0 ∈ S
′ , note that {T nv0} is a sequence in S ′ and that T nv0 → v, since S ′ is closed

it follows that v ∈ S ′ . If in addition T
(
S
′) ⊆ S

′′ then it follows that v = Tv ∈ S ′′ .

Finally a set of sufficiency conditions are established for a mapping on the space of
bounded functions to be a contraction. In most economic applications these conditions are
trivial to check.

Theorem 17.2. (Blackwell conditions) Let X ⊆ Rl and B (X) be the the space of bounded
functions on X (f : X → R) with the sup-norm. Let T : B (X)→ B (X), T is a contraction
(with modulus β) if it satisfies the following two conditions:

i. (monotonicity) Let f, g ∈ B (X) and f (x) ≤ g (x) for all x ∈ X. Then Tf (x) ≤ Tg (x)
for all x ∈ X.

ii. (discounting) There exists β ∈ (0, 1) such that T (f + a) (x) ≤ Tf (x) + βa for all
f ∈ B (X), x ∈ X and a ≥ 0.

Proof. If f (x) ≤ g (x) for all x we say that f ≤ g.
Let f, g ∈ B (X), by definition of the sup-norm f (x) − g (x) ≤ ‖f − g‖ for all x ∈ X,

then f (x) ≤ g (x) + ‖f − g‖, using the notation defined at the beginning of the proof this is
f ≤ g + ‖f − g‖, where ‖f − g‖ > 0 is a scalar. Then by hypothesis we have:

Tf ≤ T (g + ‖f − g‖) ≤ Tg + β ‖f − g‖ −→ Tf − Tg ≤ β ‖f − g‖

But it also holds that g (x)−f (x) ≤ ‖f − g‖ which implies Tg−Tf ≤ β ‖f − g‖. Joining
we have, for all x ∈ X:

|Tf (x)− Tg (x)| ≤ β ‖f − g‖

Taking sup we get:
‖Tf − Tg‖ ≤ β ‖f − g‖

which establishes that T is a contraction.

17.0.1 Extended Blackwell conditions

I also present a modified version of Blackwell’s sufficiency conditions for vector valued func-
tions. I first define the relevant set of functions.

Proposition 17.1. Let X ⊂ Rn and B (X) =
{
f |f : X → R ∧ ∃Mf

∀x∈X |f (x)| ≤Mf

}
the

set of bounded functions defined on the set X. The space S = B (X)× B (X) equipped with

the norm ‖f‖ = max {‖f1‖∞ , ‖f2‖∞} = max

{
sup
x∈X
|f1 (x)| , sup

x∈X
|f2 (x)|

}
is a normed vector

space. It is also a metric space with the metric ρ (f, g) = ‖f − g‖.

Proof. The proof proceeds by showing that ‖·‖ is a norm.
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i. Clearly ‖f‖ ≥ 0 and if f (x) = 0 for all x ∈ X then ‖f‖ = 0. Finally:

‖f‖ = 0

max

{
sup
x∈X
|f1 (x)| , sup

x∈X
|f2 (x)|

}
= 0

which happens if and only if sup
x∈X
|f1 (x)| = 0 and sup

x∈X
|f2 (x)| = 0. Again, this happens

if and only if f1 (x) = f2 (x) = 0 for all x ∈ X. That is, if f (x) = 0 for all x ∈ X.

ii. ‖αf‖ = max

{
sup
x∈X
|αf1 (x)| , sup

x∈X
|αf2 (x)|

}
= |α|max

{
sup
x∈X
|f1 (x)| , sup

x∈X
|f2 (x)|

}
= |α| ‖f‖

iii. Triangle Inequality:

‖f + g‖ = max

{
sup
x∈X
|f1 (x)− g1 (x)| , sup

x∈X
|f2 (x)− g2 (x)|

}
≤ max

{(
sup
x∈X
|f1 (x)|+ sup

x∈X
|g1 (x)|

)
,

(
sup
x∈X
|f2 (x)|+ sup

x∈X
|g2 (x)|

)}
≤ max

{
sup
x∈X
|f1 (x)| , sup

x∈X
|f2 (x)|

}
+ max

{
sup
x∈X
|g1 (x)| , sup

x∈X
|g2 (x)|

}
= ‖f‖+ ‖g‖

The first inequality follows from properties of the absolute value and the second one
from the inequality:

sup
x∈X
|fi (x)|+ sup

x∈X
|gi (x)| ≤ max

{
sup
x∈X
|f1 (x)|+ sup

x∈X
|g1 (x)| , sup

x∈X
|f2 (x)|+ sup

x∈X
|g2 (x)|

}
iv. Under the above three conditions ‖f‖ is a norm.

v. Clearly the sum and scalar product of bounded functions is bounded.

Proposition 17.2. Consider (S, ρ) with S = B (X) × B (X) and ρ (f, g) = ‖f − g‖. (S, ρ)
is a complete space.

Proof. The proof starts by showing that a Cauchy sequence in S is formed by Cauchy se-
quences in B (X). Then the completeness of B (X) is used to establish the result.

i. Let {fn} ⊂ S be a Cauchy sequence and ε > 0. There existsN such that ∀n,m>N ‖fn − fm‖ <
ε which is:

max

{
sup
x∈X
|f1n (x)− f1m (x)| , sup

x∈X
|f2n (x)− f2m (x)|

}
< ε

sup
x∈X
|f1n (x)− f1m (x)| < ε ∧ sup

x∈X
|f2n (x)− f2m (x)| < ε

This implies that the sequences {f1n} ⊂ B (X) and {f2n} ⊂ B (X) are Cauchy with
respect to the sup-norm ‖f‖∞ = sup

x∈X
|f (x)|.
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ii. Since the space (B (X) , ‖f‖∞) is complete the above implies that the sequences {f1n}
and {f2n} are convergent in the sup norm. ∃f1,f2∈B(X)f1n → f1 ∧ f2n → f2. Denote
f : S → R2 as f (x) = [f1 (x) f2 (x)]

′
.

iii. Let ε > 0. By convergence of {f1n} and {f2n} there exist numbers N1 and N2 such
that:

∀n≥N1 ‖f1n − f1‖∞ < ε ∧ ∀n≥N2 ‖f2n − f2‖∞ < ε

Then for N = max {N1, N2} it holds that:

∀n≥N ‖f1n − f1‖∞ < ε ∧ ‖f2n − f2‖∞ < ε

which is:

∀n≥N sup
x∈X
|f1n (x)− f1 (x)| < ε ∧ sup

x∈X
|f2n (x)− f2 (x)| < ε

implying then:

∀n≥N max

{
sup
x∈X
|f1n (x)− f1 (x)| , sup

x∈X
|f2n (x)− f2 (x)|

}
< ε

which is:
∀n≥N ‖fn − f‖ < ε

iv. The above proves that a Cauchy sequence converges on S over the given norm.

Theorem 17.3. (Extended Blackwell) Consider (S, ρ) with S = B (X) × B (X) and
ρ (f, g) = ‖f − g‖. Let T : S → S be an operator satisfying

i. (Monotonicity) f, g ∈ S and f (x) ≤ g (x), for all x ∈ X, implies Tf (x) ≤ Tg (x), for
all x ∈ X, (where f (x) ≤ g (x) is taken in the vector sense, i.e. f1 (x) ≤ g1 (x) and
f2 (x) ≤ g2 (x)).

ii. (Discounting) there exists some β ∈ (0, 1) such that T (f + A) ≤ Tf (x)+βA for f ∈ S,
A = [a a]

′
∈ R2

+ and x ∈ X.

Then T is a contraction in S with modulus β.

Proof. The proof follows closely that of Blackwell’s conditions

i. Let f, g ∈ S, and define A =
[
‖f − g‖ ‖f − g‖

]′
, it holds that:

f1 (x)− g1 (x) ≤ |f1 (x)− g1 (x)| ≤ sup
x∈X
|f1 (x)− g1 (x)|

≤ max

{
sup
x∈X
|f1 (x)− g1 (x)| , sup

x∈X
|f2 (x)− g2 (x)|

}
= ‖f − g‖∞

By a similar argument f2 (x)− g2 (x) ≤ ‖f − g‖∞ then it holds that: f (x) ≤ g (x) +A
for all x ∈ X

108



ii. By monotonicity and discounting:

Tf (x) ≤ T (g + a) (x) ≤ Tg (x) + βA

which holds for all x ∈ X.

iii. The same argument applies to show that g (x) ≤ f (x) + A and Tg (x) ≤ Tf (x) + βA
for all x ∈ X.

iv. Joining:

Tfi (x)− Tgi (x) ≤ β ‖f − g‖ ∧ Tgi (x)− Tfi (x) ≤ β ‖f − g‖

which implies:

|Tf1 (x)− Tg1 (x)| ≤ β ‖f − g‖ ∧ |Tf2 (x)− Tg2 (x)| ≤ β ‖f − g‖

and then:

sup
x∈X
|Tf1 (x)− Tg1 (x)| ≤ β ‖f − g‖ ∧ sup

x∈X
|Tf2 (x)− Tg2 (x)| ≤ β ‖f − g‖

v. Finally:

‖Tf − Tg‖∞ = max

{
sup
x∈X
|Tf1 (x)− Tg1 (x)| , sup

x∈X
|Tf2 (x)− Tg2 (x)|

}
≤ max {β ‖f − g‖ , β ‖f − g‖} = β ‖f − g‖

This is the definition of T being a contraction with modulus β.
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18 The Bellman Equation

18.1 The neoclassical growth model

Recall from section 13.3 the finite horizon consumption savings model. The infinite horizon
version of that model is the workhorse of modern macroeconomics and is known as the
neoclassical growth model. There are two (related) ways of setting up the problem. One
resembles the finite horizon problem already discussed, it is called sequence problem, the
other form is to cast the problem as the solution to a functional equation, this dynamic
programming approach has several advantages that will be presented in the next section.

As before, consider a discrete time, consumption-savings problem where the agent can
either consume or save (invest) in capital that will be productive in the following period.
The agent derives utility from consumption according to utility function u and discounts the
future at a constant rate β < 1. Production only uses capital and the technology is described
by a function f .

The problem of an agent endowed with k0 units of capital is:

v (k0) = max
{ct,kt+1}∞t=0

∞∑
t=0

βtu (ct) s.t. ct + kt+1 ≤ f (kt) ct, kt ≥ 0 k0 given

Provided that u is strictly increasing, a sustained assumption, we can eliminate consumption
as before to get:

v (k0) = max
{kt+1}

∞∑
t=0

βtu (f (kt)− kt+1) s.t. 0 ≤ kt+1 ≤ f (kt) k0 given

In the sequence problem, much like in the finite horizon problem before, the objective is
to look for an infinite sequence that solves the problem and attains the maximum. This can
prove to be too difficult in practice.

The dynamic programming problem takes a different approach. Instead of trying to solve
the problem for all periods simultaneously the objective is to solve the problem one period
at a time. That is, given the capital stock at the beginning of the period take an optimal
investment decision for the next period. The problem is that, in order to make the decision,
its necessary to know the extra value for the agent of the capital to be saved, we need a
function that represents preferences over next period’s capital.

The DP starts by assuming that we already know such a function. It is called a value
function and is defined as v above. The value function is the maximum value given to the
agent if she starts in a given period with initial capital k. Knowing v it is possible to cast
the following problem:

max
0≤k1≤f(k0)

{u (f (k0)− k1) + βv (k1)}

If we knew v the problem above could be solved. The solution to the problem is a policy
function g : R+ → R+ that gives the optimal capital next period given a capital level today.
That is k1 = g (k0).

It should be clear now that if v (k1) gives the maximum value starting in period 1 and the
problem above maximizes that value and the value in period 0 (given by u (f (k0)− k1)) then
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the value of the whole problem is given by the maximum above. But that is the definition
of v, then:

v (k0) = max
0≤k1≤f(k0)

{u (f (k0)− k1) + βv (k1)}

This is a functional equation, note that f and u are known functions, k1 is a variable of choice
and k0 is given. Then this is an equation in the function v, the solution to this equation is
the value function needed to solve the problem (to find the policy function).

In general solving functional equations is not easy, but this type of functional equation
can be reinterpreted to both establish the existence of a solution and to obtain a method to
find it.

Let u and f be bounded and continuous functions and define an operator T : C (X) →
C (X) as:

Tv (k) = max
0≤k′≤f(k)

{
u
(
f (k)− k′

)
+ βv

(
k
′
)}

boundedness of Tv is immediate for the sum of bounded is also bounded. Continuity is a
consequence of the ToM, the objective function is continuous and since f is continuous and
bounded the correspondence Γ (k) =

{
k
′ |0 ≤ k

′ ≤ f (k)
}
is continuous and compact valued.

Note that v, the solution to the functional equation is then a fixed point of the mapping
T . It is left to verify that T is a contraction to establish the existence and uniqueness of the
solution to the neoclassical growth model. It turns out that Blackwell’s sufficient conditions
are immediate:

i. (monotonicity) Let v, w ∈ C (X) and v (k) ≤ w (k) for all k. Then:

Tv (k) = max
0≤k′≤f(k)

{
u
(
f (k)− k′

)
+ βv

(
k
′
)}
≤ max

0≤k′≤f(k)

{
u
(
f (k)− k′

)
+ βw

(
k
′
)}

= Tw (k)

ii. (discounting) Let v ∈ C (X) and a > 0. Then:

T (v + a) (k) = max
0≤k′≤f(k)

{
u
(
f (k)− k′

)
+ β

(
v
(
k
′
)

+ a
)}

= max
0≤k′≤f(k)

{
u
(
f (k)− k′

)
+ βv

(
k
′
)}

+βa

In particular:
T (v + a) (k) ≤ Tv (k) + βa

It is possible to further characterize v and the policy function g, for that extra results are
needed.
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18.2 A general framework and the principle of optimality

The problem to be studied in terms of infinite sequences is of the form:

v? (x0) = sup
{xt+1}∞t=0

∞∑
t=0

βtF (xt, xt+1) s.t. xt+1 ∈ Γ (xt) (18.1)

Corresponding to this problem is the following functional equation:

v (x) = sup
y∈Γ(x)

{F (x, y) + βv (y)} (18.2)

Above X is the set of possible values for x, note that X is not necessarily an euclidean
space, Γ : X ⇒ X is a correspondence that assigns feasible values of the choice variable and
F : Gr (Γ)→ R is a return or payoff function. β > 0 is a discount factor.

Some conditions have to be met for both problems to give the same solution, in the sense
that v (x) = v? (x) and that the optimal choice of one problem is the the same as the choice
for the other. This equivalence between both problems is called the principle of optimality.
After the validity of the principle has been established the properties of the solution to FE
can be studied.

The conditions for the principle of optimality are stated below and the two propositions
that constitute the principle are shown without proof.

It will be convenient to define the set of all possible feasible sequences for x, given an
starting point x0.

Definition 18.1. The set of all possible feasible sequences starting at x0 ∈ X is:

Π (x0) = {{xt}∞t=0 |xt+1 ∈ Γ (xt) ∧ x0 given}

and x = (x0, x1, x2, . . .) is an element.

Assumption A.1: Γ is a nonempty valued correspondence.

Assumption A.2: For all x0 ∈ X and x ∈ Π (x0) the following limit exists (although it
might be infinite):

lim
n→∞

n∑
t=0

βtF (xt, xt+1)

Remark. Assumption A.2 holds if F is bounded and β ∈ (0, 1).

Note that under assumptions A.1 and A.2 Π (x0) is nonempty valued and problem (18.1)
is well posed, moreover they are enough to guarantee that the function v? satisfies equation
(18.2).

Proposition 18.1. Let X, Γ, F and β satisfy assumption A.1 and A.2, then v? is a solution
to the FE (18.2):

v? (x) = sup
y∈Γ(x)

{F (x, y) + βv? (y)}
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For v? to be the only solution to the FE an extra condition is needed.

Proposition 18.2. Let X, Γ, F and β satisfy assumption A.1 and A.2, if v is a solution to
the FE (18.2) and for all x0 ∈ X and x ∈ Π (x0) it holds that:

lim
n→∞

βnv (xn) = 0

then v = v?.

The previous two propositions establish equivalence between the value of the two prob-
lems. It can also be shown that the optimizer of the SP problem also solves the FE in the
following sense:

Proposition 18.3. Let X, Γ, F and β satisfy assumption A.1 and A.2. Let x? ∈ Π (x0) be
a feasible plan that attains the supremum in (18.1), then:

v? (x?t ) = F
(
x?t , x

?
t+1

)
+ βv?

(
x?t+1

)
(18.3)

Again, under an extra boundedness condition a plan that solves the problem in (18.2)
also solves the problem in the SP.

Proposition 18.4. Let X, Γ, F and β satisfy assumption A.1 and A.2. Let x? ∈ Π (x0)
be a feasible plan that satisfies equation (18.3) and for which lim sup βtv? (x?t ) ≤ 0, then x?

attains the supremum in (18.1) for initial state x0.

Now we can define the optimal policy correspondence as:

G? (x) = {y ∈ Γ (x) |v? (x) = F (x, y) + βv? (y)}

We say that a plan x is generated by G if it satisfies xt+1 ∈ G (xt). The previous two
propositions imply that any optimal plan of the sequence problem is generated by G? and
that if a plan is generated by G? and satisfies the additional boundedness condition then it
is also optimal.

Now we can concentrate in studying the properties of the DP in (18.2).
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18.3 Bounded problems

Now we concentrate in establishing properties of the solution to the following problem:

v (x) = max
y∈Γ(x)

{F (x, y) + βv (y)} (18.4)

G (x) = {y ∈ Γ (x) |v (x) = F (x, y) + βv (y)}
where v is the value function and G the policy correspondence.

Assumptions A.1 and A.2 have to be met for the implications of this sections to be valid
on the original sequence problem. Additional assumptions are also imposed that ensure that
the previous ones are met.

Assumption A.3: X is a a convex subset of Rl and Γ is a nonempty, compact valued and
continuous correspondence.

Assumption A.4: The function F : Gr (Γ)→ R is bounded and continuous and β ∈ (0, 1).
Since F is bounded and continuous it is natural to think that the solution to equation

(18.4) lies in the set C (X). What follows it to establish the existence of a solution by means
of the contraction mapping theorem.

Define a mapping T : C (X)→ C (X) as:

Tf (x) = max
y∈Γ(x)

{F (x, y) + βf (y)} (18.5)

The solution to (18.4) is then a v ∈ C (X) such that v = Tv. The following proposition
establishes that T is a contraction from C (X) into itself and also some properties of the
policy correspondence G.

Proposition 18.5. Let X, Γ, F and β satisfy assumption A.3 and A.4, and consider C (X)
the space of continuous bounded function on X along with the sup norm. Then:

i. T defined in (18.5) maps C (X) into itself.

ii. T defined in (18.5) has a unique fixed point v ∈ C (X), and for all v0 ∈ C (X)

‖T nv0 − v‖ ≤ βn ‖v0 − v‖

iii. Given v the optimal policy correspondence G (x) = {y ∈ Γ (x) |v (x) = F (x, y) + βv (y)}
is nonempty, compact valued and u.h.c.

Proof. Each part is established separately.

i. Under A.3 and A.4 and given f continuous and bounded the function F (x, y) + βf (y)
is continuous in (x, y) and Γ satisfies all assumptions of the ToM, thus establishing that
Tf is continuous.
Since F and f are bounded then Tf is bounded as well. Note that there exists M ≥ 0
such that −M ≤ F (x, y) + βf (y) ≤ M for all (x, y), then for all x we have: −M ≤
max
y∈Γ(x)

{F (x, y) + βf (y)} ≤M which establishes boundedness of Tf .

Then Tf ∈ C (X) for any f ∈ C (X).
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ii. Blackwell conditions are met:

(a) (monotonicity) Let f, g ∈ C (X) and f (x) ≤ g (x) for all x. Then:

Tf (x) = max
y∈Γ(x)

{F (x, y) + βf (y)} ≤ max
y∈Γ(x)

{F (x, y) + βg (y)} = Tg (x)

(b) (discounting) Let f ∈ C (X) and a > 0. Then:

T (f + a) (x) = max
y∈Γ(x)

{F (x, y) + β (f (y) + a)} = max
y∈Γ(x)

{F (x, y) + βf (y)}+βa

In particular:
T (f + a) (x) ≤ Tf (x) + βa

Then T is a contraction. By the contraction mapping theorem the result follows.

iii. The properties of G follow from the ToM which applies as shown before.

Additional assumption will help to characterize v and G better. The corollary of the
contraction mapping theorem is the tool to be used now. First monotonicity can be inherited
by the solution.

Assumption A.5: For all y F (·, y) is strictly increasing in its first l arguments.

Assumption A.6: Γ is monotone in the sense that if x ≤ x
′ the Γ (x) ⊆ Γ

(
x
′).

Proposition 18.6. Let X, Γ, F and β satisfy assumption A.3 to A.6, and let v be the unique
solution to (18.4), then v is strictly increasing.

Proof. Let C ′ (X) ⊆ C (X) be the set of bounded, continuous and non-decreasing functions
and C ′′ (X) ⊆ C

′
(X) the set of strictly increasing functions. Clearly C ′ (X) is closed. By the

corollary of the contraction mapping theorem it suffices to show that T
(
C
′
(X)

)
⊆ C

′′
(X).

Let f ∈ C ′ (X) and consider x < x
′ . We want to show that Tf is strictly increasing. This

follows with A.5 and A.6:

Tf (x) = max
y∈Γ(x)

F (x, y)+βf (y) ≤ max
y∈Γ(x′)

F (x, y)+βf (y) < max
y∈Γ(x′)

F
(
x
′
, y
)

+βf (y) = Tf
(
x
′
)

where the first inequality follows from Γ (x) ⊆ Γ
(
x
′), a larger choice set implies a higher

than or equal maximum, the second inequality follows from F being strictly increasing.

It is also possible to induce convexity as follows:

Assumption A.7: F is strictly concave in both arguments.
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Assumption A.8: Γ has a convex graph.

Proposition 18.7. Let X, Γ, F and β satisfy assumption A.3, A.4, A.7 and A.8, and let
v be the unique solution to (18.4), then v is strictly concave and G is a continuous single
valued function.

Proof. Let C ′ (X) be the set of concave, bounded and continuous functions and C ′′ (X) the
set of strictly concave, bounded and continuous functions. Note that C ′ (X) ⊆ C (X) is
closed and that C ′′ (X) ⊆ C

′
(X). To show that v is strictly concave we use the corollary of

the contraction mapping theorem.
We want to show that for all f ∈ C ′ (X) it follows that Tf ∈ C ′′ (X) where

Tf (x) = Tf (x) = max
y∈Γ(x)

F (x, y) + βf (y)

So let f be weakly concave on x, bounded and continuous. let x1, x2 ∈ X and λ ∈ (0, 1)
and define xλ = λx1 + (1− λ)x2. Let yi ∈ G (xi) ⊆ Γ (xi) and note that by A.8 yλ =
λy1 + (1− λ) y2 ∈ Γ (xλ):

Tf (xλ) = max
y∈Γ(xλ)

F (xλ, y) + βf (y)

≥ F (xλ, yλ) + βf (yλ)

≥ F (xλ, yλ) + λβf (y1) + (1− λ) βf (y2)

> λF (x1, y1) + (1− λ)F (x2, y2) + λβf (y1) + (1− λ) βf (y2)

= λTf (x1) + (1− λ)Tf (x2)

where the first inequality follows from yλbeing feasible at xλ, the second one from f being
concave and the third one from A.7. The final equality is obtained rearranging and recalling
the optimality of y1 and y2 under x1 and x2 respectively. Joining results we get

Tf (xλ) > λTf (x1) + (1− λ)Tf (x2)

Then the “image” of any concave function is a strictly concave function. This proves that
Tf ∈ C

′′
(X). Then by the corollary of the contraction mapping theorem the unique fix

point of T belongs to C ′′ . That is, v is strictly concave.
Finally note that G (x) = argmax

y∈Γ(x)

F (x, y) + v (y). Since both F and v are strictly concave

the single valuedness and continuity of G follow as an immediate consequence of the ToM
under convexity part (ii).

Finally there are conditions for v to be differentiable, allowing the use of first order
conditions.

Assumption A.9: F is continuously differentiable on the interior of its domain, Gr (A).

Proposition 18.8. Let X, Γ, F and β satisfy assumption A.3, A.4, and A.7 to A.9, and let
v be the unique solution to (18.4). If x0 ∈ IntX and g (x0) ∈ IntΓ (x0) then v is continuously
differentiable at x0 with derivatives given by:

vi (x0) = Fi (x0, g (x0))

Proof. Stokey et al. (1989, sec. 4.2, pp. 85).
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19 Applications6

19.1 Spring 2004 - Q2.2 [Chari] (Search and Unemployment)

Consider the following infinite horizon model. A worker who is employed begins each period
with a wage, say w. The worker can either work at that wage or search and receive unem-
ployment benefits b on the current period. If the worker chooses to work he is employed with
wage w next period with probability δ or unemployed with probability 1−δ. An unemployed
worker who searches receives a wage offer from a distribution F (w). Wage offers are iid over
time. The worker preferences are

∑
βtu (ct) where u is an increasing function. Assume no

borrowing or lending.7

i. Set up the workers decision as a dynamic programming problem.

V E (w) = u (w) + βδV U + β (1− δ)V E (w)

V U = u (b) + β

∫
max

{
V E (w̃) , V U

}
dF (w̃)

The decision of a worker when facing a wage offer w is to accept it or reject it, the
worker will accept if V E (w) > V u and reject otherwise. Then the value of the worker
is:

V (w) = max
[
V E (w) , V U

]
ii. Show that the solution to the worker’s problem is of the reservation wage form. Char-

acterize the reservation wage. Show that the reservation wage is increasing in the
unemployment benefits.

Let C (W ) be the set of continuous functions onW , note that sinceW is compact those
function are also bounded. Let C (W ) be the set of constant functions on W , these
functions are by construction continuous and bounded. Define C̃ (W ) = C (W )×C (W )
and T : C̃ (W )→ C̃ (W ) as:

T

(
V E

V U

)
(w) =

[
u (w) + βδV U + β (1− δ)V E (w)

u (b) + β
∫

max
{
V E (w̃) , V U

}
dF (w̃)

]
note that since u is continuous and bounded over W it follows that for V E and V U

continuous and bounded TV E (w) = u (w)+βδV U +β (1− δ)V E (w) is also continuous
and bounded also since b is constant and

∫
max

{
V E (w̃) , V U

}
dF (w̃) is independent

of w it follows that TV U (w) is constant.

T is a contraction since it satisfies the extended Blackwell conditions.

(a) Monotonicity:
6This section takes material from solutions to some of the questions of Macroeconomic Theory preliminary

exams at the University of Minnesota. The solutions were made with Dominic Smith.
7We furthermore assume that u is continuous and w has a bounded support W = [0, w].
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Let
(
V E, V U

)
∈ C̃ (W ) and

(
ME,MU

)
∈ C̃ (W ) such that MU ≥ V U and

for all w ∈ W ME (w) ≥ V E (w). Clearly this implies max
{
V E (w̃) , V U

}
≤

max
{
ME (w̃) ,MU

}
for all w̃. Then:

T

(
V E

V U

)
(w) =

[
u (w) + βδV U + β (1− δ)V E (w)

u (b) + β
∫

max
{
V E (w̃) , V U

}
dF (w̃)

]
≤
[

u (w) + βδMU + β (1− δ)ME (w)
u (b) + β

∫
max

{
ME (w̃) ,MU

}
dF (w̃)

]
= T

(
ME

MU

)
(w)

(b) Discounting:
Let a ∈ R. Then:

T

(
V E + a
V U + a

)
(w) =

[
u (w) + βδ

(
V U + a

)
+ β (1− δ)

(
V E (w) + a

)
u (b) + β

∫
max

{
V E (w̃) + a, V U + a

}
dF (w̃)

]
=

[
u (w) + βδV U + β (1− δ)V E (w)

u (b) + β
∫

max
{
V E (w̃) , V U

}
dF (w̃)

]
+ β

[
a
a

]
= T

(
V E

V U

)
(w) + β

[
a
a

]
Note that the set of increasing functions in C (W ) is a closed subset, call it I (W ), and

that, for
(
V E, V U

)
∈ C̃ (W )m T

[
V E

V U

]
∈ I (W )× C (W ).

(a) Let w < w
′ . Then u (w) < u

(
w
′), and V E (w) ≤ V E

(
w
′)

T
[
V E
]

(w) = u (w) + βδV U + β (1− δ)V E (w)

≤ u (w) + βδV U + β (1− δ)V E
(
w
′
)

< u
(
w
′
)

+ βδV U + β (1− δ)V E
(
w
′
)

= T
[
V E
] (
w
′
)

Then T
[
V E
]
is strictly increasing.

It must be that V E (w̄) > V U . Suppose the contrary, V E (w) ≤ V U , since V E is strictly
increasing it must be that V E (w) ≤ V U for all w. Then max

{
V E (w̃) , V U

}
= V U

which gives V U = u(b)
1−β . Also

V E (w) = u (w) + βδV U + β (1− δ)V E (w)

(1− β (1− δ))V E (w) = u (w) + βδV U

(1− β (1− δ))V U ≥ u (w) + βδV U

(1− β)V U ≥ u (w)

u (b) ≥ u (w)
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For a contradiction suppose further that b < w, so that the unemployment benefits
cannot be higher than the maximum possible wage. With the extra assumption and
the fact that u is strictly increasing the contradiction implies V E (w) > V U .
Suppose that V E (0) ≤ V U . Then by the intermediate value theorem there exists a
wage w? such that V E (w?) = V U . If the assumption does not hold then all wages are
acceptable. w? satisfies:

V E (w?) = u (w?) + βδV U + β (1− δ)V E (w?)

V U = u (w?) + βδV U + β (1− δ)V U

V U =
u (w?)

1− β

for w ≥ w?:

V E (w) = u (w) + βδV U + β (1− δ)V E (w)

V E (w) =
1

1− β (1− δ)

(
u (w) + βδ

u (w?)

1− β

)
and:

V U = u (b) + βF (w?)V U + β

∫ w

w?
V E (w̃) dF (w̃)

(1− βF (w?))
u (w?)

1− β
= u (b) + β

∫ w

w?
V E (w̃) dF (w̃)

Replacing for V E (·):

β

∫ w

w?
V E (w̃) dF (w̃) =

β

1− β (1− δ)

∫ w

w?
u (w̃) dF (w̃)− β2δ (1− F (w?))

1− β (1− δ)
u (w?)

1− β
Joining:

u (b) =

[
(1− βF (w?))− β2δ (1− F (w?))

1− β (1− δ)

]
u (w?)

1− β
− β

1− β (1− δ)

∫ w

w?
u (w̃) dF (w̃)

u (b) =

[
1 + βδ − βF (w?)

1− β (1− δ)

]
u (w?)− β

1− β (1− δ)

∫ w

w?
u (w̃) dF (w̃)

u (b) =

[
1 + βδ − β + β (1− F (w?))

1− β (1− δ)

]
u (w?)− β

1− β (1− δ)

∫ w

w?
u (w̃) dF (w̃)

u (b) = u (w?)− β

1− β (1− δ)

∫ w

w?
u (w̃) dF (w̃) +

β

1− β (1− δ)
(1− F (w?))u (w?)

u (b) = u (w?)− β

1− β (1− δ)

∫ w

w?
(u (w̃)− u (w?)) dF (w̃)

The LHS is constant the RHS is increasing in w?, to see that note that u is strictly
increasing and that

G (w?) =

∫ w

w?
(u (w̃)− u (w?)) dF (w̃)
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is decreasing in w?. Let w < w
′ and consider

G
(
w
′
)
−G (w) =

∫ w

w′

(
u (w)− u

(
w
′
))

dF (w̃)−
∫ w

′

w

(u (w̃)− u (w)) dF (w̃)

≤
∫ w

w′

(
u (w)− u

(
w
′
))

dF (w̃)−
∫ w

′

w

(
u
(
w
′
)
− u (w)

)
dF (w̃)

=

∫ w

w

(
u (w)− u

(
w
′
))

dF (w̃)

= (1− F (w))
(
u (w)− u

(
w
′
))

< 0

where the first inequality follows from u (w̃)−u (w) ≤ u
(
w
′)−u (w) since w̃ ≤ w

′ , and
the second inequality from u (w) < u

(
w
′) since u is strictly increasing and w < w

′ .
Then G

(
w
′)
< G (w) which proves that the integral is strictly decreasing, hence its

negative is strictly increasing.

Since the RHS side is increasing in w? the reservation wage is an increasing function of
b, a higher value of b increases the LHS of the equation which implies a higher value of
w? to increase the RHS.

iii. Calculate the probability that an unemployed worker is unemployed for N periods in a
row as a function of the reservation wage and show that this probability is decreasing
in N .

Since wage offers are iid the probability that a worker searching for a job receives
N consecutive offers lower than its reservation wage is equal to the product of the
probability that he receives an offer lower than w?, that is

Pr {w1 < w? ∧ . . . ∧ wn ≤ w?} = [Pr {w ≤ w?}]N = [F (w?)]N

(a) How does this probability vary with unemployment benefits?
Since higher unemployment benefits imply a higher reservation wage and F (·) is
an increasing function, a higher unemployment benefits increase the probability
of remaining unemployed for N consecutive periods.

iv. Suppose now that there a large number of workers that all face the same problem.
Define the unemployment rate as the fraction of all workers who are unemployed. How
does the unemployment rate vary with b?

Assume there is a continuum of unit measure of workers. Let Et and Ut be the fraction
of workers employed and unemployed. The following conditions hold:

Et+1 = (1− δ)Et + (1− F (w?))Ut

Ut+1 = δEt + F (w?)Ut

Et + Ut = 1
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In the steady state Et+1 = Et and Ut+1 = Ut which leads to U = δ (1− U) + F (w?)U
or

U =
δ

(1− δ)− F (w?)

Then since higher unemployment benefits increase the reservation wage they also in-
crease F (w?), which decreases the denominator, hence increasing the steady state rate
of unemployment.
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19.2 Spring 2008 - Q2.3 [Chari] (Search and Human Capital)

Consider an economy in which workers accumulate human capital while working.
A worker currently working at a job produces a single non-storable good according to hαt

where ht is human capital and 0 < α < 1.
Jobs disappear at the end of the period with probability δ. If the job does not disappear,

the worker’s human capital next period is ht+1 = γht where γ > 1. If the job disappears, the
worker becomes unemployed. Unemployed workers receive one new job offer in each period.

The offers are parameterized by a random variable z which is uniformly distributed be-
tween 0 and 1 and is i.i.d. over time. A worker who accepts a job at t has human capital
ht = zht−1. That is, part of the human capital (1− z)ht−1 disappears forever. Workers are
risk-neutral and maximize

∑
βtct.

i. Set up the worker’s problem as a dynamic program.

V (h, z) = max
{
V E (zh) , V U (h)

}
V E (h) = hα + β

[
δE [V (h, z)] + (1− δ)V E (γh)

]
V U (h) = βE [V (h, z)]

ii. Prove that unemployed workers have a reservation strategy of the form z (ht−1) where
they accept all offers greater than z (ht−1) and reject all others.

(a) Let C (H) be the space of continuous bounded functions defined on H = R+,
that are also measurable with respect to the measure induced by the uniform
distribution. Let T : C (H) × C (H) → C (H) × C (H) be a functional mapping
pairs of functions in C (X) to to pairs of functions in C (X). Define

T

[
V E

V U

]
(h) =

[
hα + β

[
δE
[
max

{
V E (zh) , V U (h)

}]
+ (1− δ)V E (γh)

]
βE
[
max

{
V E (zh) , V U (h)

}] ]
Note that the relevant space H is unbounded, yet the relevant functions are
bounded provided that βγα < 1. That is, provided that the maximum possi-
ble return (when the agent is employed and is never fired) is bounded. In that
case the return is:

∑
βthαt =

∑
βt (γth0)

α
= hα0

∑
(βγα)t. Clearly if V E and V U

are continuous and bounded on H so is their maximum, expected value and sum.
(Note that since the mapping is defined over continuous bounded functions the
measurability requirement is likely to be satisfied immediately).

(b) The mapping T satisfies the Extended Blackwell sufficient conditions for a con-
traction:
i. (Monotonicity) f, g ∈ S and f (x) ≤ g (x), for all x ∈ X, implies Tf (x) ≤
Tg (x), for all x ∈ X, (where f (x) ≤ g (x) is taken in the vector sense, i.e.
f1 (x) ≤ g1 (x) and f2 (x) ≤ g2 (x)).
Let V E, V U ,WE,WU ∈ C (H) such that for all x ∈ H V E (h) ≤ WE (h) and
V U (h) ≤ WU (h). Then:

TV E (h) = hα + β
[
δE
[
max

{
V E (zh) , V U (h)

}]
+ (1− δ)V E (γh)

]
≤ hα + β

[
δE
[
max

{
WE (zh) ,WU (h)

}]
+ (1− δ)WE (γh)

]
= TWE (h)
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and

TV U (h) = βE
[
max

{
V E (zh) , V U (h)

}]
≤ βE

[
max

{
WE (zh) ,WU (h)

}]
= TWU (h)

Thus proving monotonicity.
ii. (Discounting) there exists some β ∈ (0, 1) such that T (f + A) ≤ Tf (x) +βA

for f ∈ S, A = [a a]
′
∈ R2

+ and x ∈ X.
Let V E, V U ∈ C (H) and a ∈ R, then:

T

[
V E + a
V U + a

]
(h) =

[
hα + β

[
δE
[
max

{
V E (zh) + a, V U (h) + a

}]
+ (1− δ)

(
V E (γh) + a

)]
βE
[
max

{
V E (zh) + a, V U (h) + a

}] ]
=

[
hα + β

[
δE
[
max

{
V E (zh) , V U (h)

}
+ a
]

+ (1− δ)
(
V E (γh)

)
+ (1− δ) a

]
βE
[
max

{
V E (zh) , V U (h)

}
+ a
] ]

=

[
hα + β

[
δE
[
max

{
V E (zh) , V U (h)

}]
+ (1− δ)

(
V E (γh)

)]
+ βa

βE
[
max

{
V E (zh) , V U (h)

}]
+ βa

]
=

[
hα + β

[
δE
[
max

{
V E (zh) , V U (h)

}]
+ (1− δ)

(
V E (γh)

)]
+ βa

βE
[
max

{
V E (zh) , V U (h)

}]
+ βa

]
+ β

[
a
a

]
= T

[
V E

V U

]
(h) + β

[
a
a

]
Proving discounting.

iii. Then T is a contraction with respect to the norm ‖f‖ = max {‖f1‖∞ , ‖f2‖∞}.
By the contraction mapping theorem there exists a pair of functions

(
V E, V U

)
∈

C (H) × C (H) such that they satisfy (jointly) the two functional equations
above.

(c) Note that the set of non-decreasing functions is closed in C (H), hence the set of
non-decreasing functions in C (X)×C (X) is also closed (meaning that both of the
functions in the pair are non-decreasing). Moreover, if V E, V U ∈ C (H) are non-

decreasing so are the pair formed by T
[
V E

V U

]
. This follows from the maximum

and expected value of two non-decreasing functions being non-decreasing, the sum
of non-decreasing functions being non-decreasing and the fact that hα is also non-
decreasing.
By the corollary of the contraction mapping theorem it is established that the
functions of the fixed point V E and V U are non-decreasing.

(d) Note that the set of homogenous of degree α functions (h.d.α) is closed in C (H):
let fn → f and fn be h.d.α for all n, then it holds that fn (λh) = λαfn (h). Since
fn → f uniformly it also converges pointwise, then lim fn (λh) = λα lim fn (h)
which is f (λh) = λαf (h), f is also h.d.α and then the set is closed.
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Also, the mapping of h.d.α functions is also h.d.α. Let V E and V U be h.d.α, then:

T

[
V E

V U

]
(λh) =

[
(λh)α + β

[
δE
[
max

{
V E (zλh) , V U (λh)

}]
+ (1− δ)V E (γλh)

]
βE
[
max

{
V E (zλh) , V U (λh)

}] ]
=

[
λαhα + β

[
δE
[
max

{
λαV E (zh) , λαV U (h)

}]
+ (1− δ)λαV E (γh)

]
βE
[
max

{
λαV E (zh) , λαV U (h)

}] ]
=

[
λα
(
hα + β

[
δE
[
max

{
V E (zh) , V U (h)

}]
+ (1− δ)V E (γh)

])
λαβE

[
max

{
V E (zh) , V U (h)

}] ]
=

[
λα 0
0 λα

]
T

[
V E

V U

]
By the corollary of the contraction mapping theorem it is established that the
functions of the fixed point V E and V U are h.d.α.

(e) Under the above it is established that:

V E (h) = hαV E (1) ∧ V U (h) = hαV U (1)

which implies that V E (0) = V U (0) = 0, and that V E (h) > V U (h) for all h > 0.
Suppose the contrary, then V E (h) ≤ V U (h), then V E (1) ≤ V U (1), this implies
that for all z ∈ [0, 1] V E (z) ≤ V U (1) and hence that:

V U (1) = βmax
{
V E (z) , V U (1)

}
= βV U (1)

which is a contradiction unless V U (1) = 0, in which case it has to be that V E (1) ≤
0, yet by V E being non-decreasing: V E (1) = 0. This implies, by h.d.α that
V E (h) = V U (h) = 0 for all h. This contradicts the V E and V Ubeing a fixed
point for the mapping T . Take h > 0, under V E = V U = 0 one has from the first
functional equation: 0 = hα, a contradiction.

(f) An unemployed agent will accept a job offer for z ∈ [0, 1] such that: V E (zh) ≥
V U (h), which under h.d.α holds if and only if zαV E (1) ≥ V U (1), that is for

z ≥ z? =
(
V U (1)
V E(1)

) 1
α . Note that since V E (1) > V U (1) the value z? < 1 and

moreover is constant for all h.

iii. What can you say about z (ht−1)? Is it linear in ht−1?

It is independent of h1−1.
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19.3 Spring 2012 - Q 1 [Kehoe] (Guess and Verify)

Infinitely lived consumers and dynamic programming
Consider an economy in which the representative consumer lives forever. There is a good

in each period that can be consumed or saved as capital as well as labor. The consumer’s
utility function is

∞∑
t=0

βt log ct

Here 0 < β < 1. The consumer is endowed with 1 unit of labor in each period and with k0

units of capital in period 0. Feasible allocations satisfy

ct + kt+1 ≤ θkαt l
1−α
t

Here θ > 0 and 0 < α < 1.

i. Formulate the problem of maximizing the representative consumer’s utility subject to
feasibility conditions as a dynamic programming problem. Write down the appropriate
Bellman’s equation.

The Dynamic Programming version of this problem is for the consumer to solve

V (k) = max
c,k′,l
{log c+ βV (k′)}

s.t. c+ k′ ≤ θkαl1−α

c, k′ ≥ 0

0 ≤ l ≤ 1

ii. Guess that the value function has the form a0 + a1 log k . Solve the dynamic program-
ming problem.

The constraint will hold with equality because the utility function is strictly increasing
in consumption, also production increases with labor and there is no disutility of it,
hence there is a corner solution for labor indicating l = 1, so with the guess the problem
becomes

a0 + a1 log k = log
(
θkαl1−α − k′

)
+ β (a0 + a1 log k′)

Then the FOC is
1

θkαl1−α − k′
=
βa1

k′

solving for k′

k′ = βa1

(
θkαl1−α − k′

)
=
βa1 (θkαl1−α)

1 + βa1

Then plugging this back into the value function you get

a0 + a1 log k = log

(
θkαl1−α − βa1 (θkαl1−α)

1 + βa1

)
+ β

(
a0 + a1 log

(
βa1 (θkαl1−α)

1 + βa1

))
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Collection terms with k you get

a1 log k = α log k + βa1α log k

a1 (log k − βα log k) = α log k

a1 =
α

1− βα

which means the policy function is

k′ =
β α

1−βα (θkαl1−α)

1 + β α
1−βα

= βαθkαl1−α

l = 1

c = θkαl1−α − βαθkαl1−α
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19.4 Fall 2007 - Q2.1 [Jones] (Durable Goods)

Consider a single agent problem where each period, w total output is produced and can be
divided into consumption of a perishable good, ct and investment in a durable good, dxt. The
durable depreciates like a capital good, but is not directly productive. The stock of durables
at any date, dt, produces a flow of services that enters the utility function. Thus, the problem
faced by the household with initial stock d0 is:

max
ct,dt,dxt

∑
t

βt {u1 (ct) + u2 (dt)}

s.t.
ct + dxt ≤ w

dt+1 ≤ (1− δ) dt + dxt

ct, dt, dxt ≥ 0

d0given

where both u1 and u2 are strictly increasing and continuous. Note: you can ignore non-
negativity constraints on investment, dxt in this problem.

i. State a condition on either u1 or u2 (or both) such that you can write an equivalent
problem in the following form:

max
{dt+1}∞t=0

∞∑
t=0

βtF (dt, dt+1)

s.t.
dt+1 ∈ Γ (dt)

d0given

where Γ (d) ∈ R+. What is F? What is the correspondence Γ?
Under the conditions already given any solution to the problem requires that the two
constraints are satisfied with equality. Suppose the contrary, that there is an optimum
sequence {ct, dt, dxt} such that for some period ct + dxt < w or dt+1 < (1− δ) dt + dxt,
then there exists an alternative allocation

{
c
′
t, d

′
t, dxt

}
such that c′t = ct+(w − ct − dt) >

ct and d
′
t+1 = dt+1 + ((1− δ) dt + dxt − dt+1) > dt+1. Since u1 and u2 are strictly

increasing u1

(
c
′
t

)
> u1 (ct) and u2

(
d
′
t+1

)
> u2 (dt+1), then

∑
t β

t
{
u1

(
c
′
t

)
+ u2

(
d
′
t

)}
>∑

t β
t {u1 (ct) + u2 (dt)} which contradicts {ct, dt, dxt} being optimal.

Since the constraints hold with equality in any solution the problem is equivalent to:

max
dt

∑
t

βt {u1 (w + (1− δ) dt − dt+1) + u2 (dt)}

s.t.
w + (1− δ) dt − dt+1 ≥ 0

dt+1 ≥ 0

d0given

Then F (dt, dt+1) = u1 (w + (1− δ) dt − dt+1)+u2 (dt) and Γ (dt) = {dt+1|dt+1 ≥ 0 ∧ w + (1− δ) dt − dt+1 ≥ 0}.
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ii. Write the Bellman equation for this problem.

v (d) = max
d′∈Γ(d)

[
F
(
d, d

′
)

+ βv
(
d
′
)]

iii. State additional conditions on u1 and u2 such that the value function v (d) is both
strictly increasing and strictly concave. Prove these two properties.

(a) v (d) strictly increasing. No further conditions are needed for this. Note that
F
(
·, d′
)
is strictly increasing in d, this follows from u1 and w+(1− δ) d−d′ being

strictly increasing in d and from u2 being strictly increasing. Also note that for
d1 < d2 it follows that Γ (d1) ⊂ Γ (d2), to see this let d′ ∈ Γ (d1), then d′ ≥ 0 and
w + (1− δ) d1 − d

′ ≥ 0 since d2 > d1 it follows that w + (1− δ) d2 − d
′ ≥ 0 which

implies d′ ∈ Γ (d2).
Finally consider v (d1), since functions are continuous defined over a compact
space (taking into account d0 and the maximum sustainable level of durable goods
d = w

δ
) the solution to this problem exists and is attained by d′ ∈ G (d1) where

G (·) is the policy correspondence. It follows that:

v (d1) = F
(
d1, d

′
)

+ βv
(
d
′
)

for some d′ ∈ G (d1). Since F is increasing in its first argument:

v (d1) < F
(
d2, d

′
)

+ βv
(
d
′
)

Since d′ ∈ G (d1) it holds that d′ ∈ Γ (d1) and hence d′ ∈ Γ (d2). By definition of
maximum it must be that:

v (d1) < F
(
d2, d

′
)

+ βv
(
d
′
)
≤ max

d′∈Γ(d2)

(
F
(
d2, d

′
)

+ βv
(
d
′
))

= v (2)

then: v (d1) < v (d2).

(b) v (d) strictly concave. Let u1 and u2 be strictly concave. Note that for all d1, d2

and θ ∈ (0, 1) θd
′
1 + (1− θ) d′2 ∈ Γ (θd1 + (1− θ) d2) where d′1 ∈ Γ (d1) and d′2 ∈

Γ (d2). It holds that since d′1, d
′
2 ≥ 0 then θd

′
1 + (1− θ) d′2 ≥ 0. Moreover since

w + (1− δ) d1 − d
′
1 ≥ 0 and w + (1− δ) d2 − d

′
2 ≥ 0, multiplying by θ and 1 − θ

and summing inequalities gives: w+(1− δ) (θd1 (1− θ) d2)−
(
θd
′
1 (1− θ) d′2

)
≥ 0,

this confirms the result.
Let T : C (D) → C (D) be an operator from the set of bounded continuous and
weakly concave functions to itself, and D =

[
0,max

(
d0,

w
δ

)]
. Define Tv (d) =

max
d′∈Γ(d)

[
F
(
d, d

′)
+ βv

(
d
′)]. Note that if w (d) ≥ v (d) for all d ∈ D it follows that

Tv (d) = max
d′∈Γ(d)

[
F
(
d, d

′
)

+ βv
(
d
′
)]
≤ max

d′∈Γ(d)

[
F
(
d, d

′
)

+ βw
(
d
′
)]

= Tw (d)
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and that

T (v + a) (d) = max
d′∈Γ(d)

[
F
(
d, d

′
)

+ β
(
v
(
d
′
)

+ a
)]

= Tv (d) + βa

Then T is a contraction by Blackwell’s sufficient conditions, clearly the solution
to the Bellman equation above is the unique fixed point of T . Moreover by the
corollary of the contraction mapping theorem, since the image of the set of weakly
concave functions is contained in the set of strictly concave functions

(
C
′
(D)

)
(that is T (C (D)) ⊂ C

′
(D)) it follows that v (the fixed point) is strictly concave.

Let v be weakly concave and d1, d2 ∈ D, θ ∈ (0, 1) and d′1 ∈ G (d1) , d
′
2 ∈ G (d2):

Tv (dθ) = max
d′∈Γ(θd1+(1−θ)d2)

[
F
(
θd1 + (1− θ) d2, d

′
)

+ βv
(
d
′
)]

≥ F
(
θd1 + (1− θ) d2, θd

′

1 + (1− θ) d′2
)

+ βv
(
θd
′

1 + (1− θ) d′2
)

= u1

(
w + (1− δ) (θd1 + (1− θ) d2)−

(
θd
′

1 + (1− θ) d′2
))

+ u2 (dθ) + βv
(
θd
′

1 + (1− θ) d′2
)

= u1

(
θ
(
w + (1− δ) d1 − d

′

1

)
+ (1− θ)

(
w + (1− δ) d2 − d

′

2

))
+ u2 (dθ) + βv

(
θd
′

1 + (1− θ) d′2
)

The inequality follows from θd
′
1 + (1− θ) d′2 ∈ Γ (θd1 + (1− θ) d2). Using strict

concavity of u1 and u2 and concavity of v one gets:

Tv (dθ) >θ
(
u1

(
w + (1− δ) d1 − d

′

1

)
+ u2 (d1) + βv

(
d
′

1

))
+ (1− θ)

(
u1

(
w + (1− δ) d2 − d

′

2

)
+ u2 (d2) + βv

(
d
′

2

))
=θTv (d1) + (1− θ)Tv (d2)

Proving that Tv is strictly concave, hence the solution to the Bellman equation is
too.

iv. For the remaining questions, assume that both u1 and u2 satisfy the Inada conditions
and are continuously differentiable. State the envelope and the FOC for the functional
equation problem in (b)

F2

(
d, d

′
)

+ βv
′
(
d
′
)

= 0

v
′
(d) = F1

(
d, d

′
)

where:

F2

(
d, d

′
)

= −u′1
(
w + (1− δ) d− d′

)
F1

(
d, d

′
)

= (1− δ)u′1
(
w + (1− δ) d− d′

)
+ u

′

2 (d)

v. Show that there is a unique steady state value of the stock, d?, such that if d0 = d?,
then dt = d? for all t. Show that d? > 0.
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In a steady state:

u
′

1 (w − δd?) = β
(

(1− δ)u′1 (w − δd?) + u
′

2 (d?)
)

1

β
+ δ − 1 =

u
′
2 (d?)

u
′
1 (w − δd?)

Note that since u1 and u2 are strictly concave u′1 and u
′
2 are decreasing in their argument,

then the numerator of the ratio above decreases with d? and the denominator increases
with d?. Then the ratio is unambiguously strictly decreasing in d?. Since the LHS is
constant this leaves only one possible solution for the equation (the ratio can only cross
1
β

+ δ − 1 once). Moreover since u2 satisfies the inada conditions it cannot be that
d? = 0 since then u′2 (d?) → ∞ which violates the equality, noting that u′1 (w) is well
defined.

vi. Show that the policy functions for the solution, c? (d) and d′ = g? (d) are increasing.

First note that since v is strictly concave the policy correspondence is single valued.
The policy function for durable goods must satisfy:

−F2 (d, g (d)) = βv
′
(g (d))

u
′

1 (w + (1− δ) d− g (d)) = βv
′
(g (d))

Note that both u′1 and v′ are decreasing in its argument. Consider d1 < d2, suppose for
a contradiction that g (d1) ≥ g (d2). From this we have: βv′ (g (d1)) ≤ βv

′
(g (d2)) and

hence:
u
′

1 (w + (1− δ) d1 − g (d1)) ≤ u
′

1 (w + (1− δ) d2 − g (d2))

Since u′1 is decreasing it must be that:

w + (1− δ) d1 − g (d1) ≥ w + (1− δ) d2 − g (d2)

g (d2)− g (d1) ≥ (1− δ) (d2 − d1)

Since d2 > d1 this gives g (d2) > g (d1) which is a contradiction. Hence g is strictly
increasing in d.

For consumption, note that c (d) = w + (1− δ) d − g (d), then for d2 > d1 one has
g (d2) > g (d1) and by strict concavity of v:

βv
′
(g (d1)) > βv

′
(g (d1))

u
′

1 (c (d1)) > u
′

1 (c (d2))

Since u1 is strictly concave this implies c (d2) > c (d1).

vii. Show that the system is globally stable. You can assume that the policy functions are
differentiable for this part.

Since v is strictly concave it must be that:[
v
′
(d1)− v′ (d2)

]
[d1 − d2] ≤ 0
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with equality only if d1 = d2. Since this is true for all d1 and d2 it is also true for d and
g (d) which gives:[
(1− δ)u′1 (w + (1− δ) d− g (d)) + u

′

2 (d)− 1

β
u
′

1 (w + (1− δ) d− g (d))

]
[d− g (d)] ≤ 0[

u
′
2 (d)

u
′
1 (w + (1− δ) d− g (d))

−
(

1

β
+ δ − 1

)]
[d− g (d)] ≤ 0[

u
′
2 (d)

u
′
1 (w + (1− δ) d− g (d))

− u
′
2 (d?)

u
′
1 (w + (1− δ) d? − g (d?))

]
[d− g (d)] ≤ 0

Now suppose that d > d?. Then u′2 (d) < u
′
2 (d?) by strict concaveness of u2. Suppose

that g (d) > d then it must be, for the inequality above to hold, that:

u
′
2 (d)

u
′
1 (w + (1− δ) d− g (d))

>
u
′
2 (d?)

u
′
1 (w + (1− δ) d? − g (d?))

in order for this to hold it must be that

u
′

1 (w + (1− δ) d− g (d)) < u
′

1 (w + (1− δ) d? − g (d?))

since u1 is strictly concave this implies:

w + (1− δ) d− g (d) > w + (1− δ) d? − g (d?)

(1− δ) d− g (d) > −δd?

d− g (d) > δ (d− d?)

Since d > d? this implies d > g (d) which is a contradiction. Then it must be that
d > g (d). In the same way if d < d? it must be that d < g (d?).

Finally, since g is strictly increasing it must be that for all d < d?: g (d) < d?, and for
all d > d? that g (d) > d?. This along with the previous inequalities gives the stability
result since d will converge monotonically to d?.
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Part VI

Probability and Measure Theory
Consider an experiment that can have several (but finite) outcomes. For example trowing a
die can turn out in getting any number from 1 to 6, or asking someone out can generate an
affirmative response, a negative one or perhaps a maybe, or no response at all. A probability
function is a function that assigns a value to each possible outcome while satisfying certain
rules.

Its clear that since the outcomes here are finite, outcomes form a set S = {s1, . . . , sn} a
probability is then a list (π1, . . . , πn) such that Pr (si) = πi:

i. πi ≥ 0 for all i.

ii.
∑
πi = 1.

Note that it is natural to define other outcomes that are formed by unions of the former
ones, like getting an even number when trowing the die (the union of getting a two a four
and a six) or getting a positive answer or a maybe when asking someone out. It is clear that
the probability of these new outcomes is defined by the sum of probabilities of the original
outcomes used to define them.

Formally we could say that for any set A ⊆ S we define IA = {i|si ∈ A} and then a
function µ : 2S → [0, 1] as:

µ (A) = Pr (A) =
∑
i∈IA

πi

Furthermore we can define the expected value of a real valued function f : S → R as
E [f ] =

∑
µ ({si}) f (si).

This same discussion can be carried out if the possible outcomes are countably infinite,
but it is difficult to generalize it otherwise. The objective now is to study which properties
does this kind of function satisfy and how it is generalized to deal with cases where outcomes
are arbitrary. The key to accomplish this objective is to realize that a probability is a function
that maps sets into the interval [0, 1], hence the study of functions that map sets into non-
negative numbers will provide the necessary theory, these functions are called measures, for
obvious reasons.

The following sections draw on the short exposition of measure theory contained in Chap-
ter 7 of Stokey et al. (1989) and complements it with portions of Kolmogorov and Fomin
(2012) (chapters 7 to 10). Both these references are introductory although they present all the
relevant results. All the material is also covered in a more advanced manner in Kolmogorov
and Fomin (1999).

As with previous sections the aim of the course is not to dwell in the mathematical
details of the theory but rather present the most useful results for applications in economic
theory, because of this many of the proofs will be omitted only including those that are
either instructive of the way the theory is developed. Kolmogorov and Fomin (2012) is a
good source for detailed (and easy to understand) proofs.

Finally Markov processes are defined following Stokey et al. (1989), chapter 8.
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20 Measure

20.1 Measurable spaces (σ-algebras)

Before we define a measure recall that a measure has for domain a collection of sets. For a
measure to have some desirable properties this collection of sets cannot be left unrestricted.
It turns out that the appropriate family of sets to be consider is that of σ-algebra.

Definition 20.1. (σ-algebra) Let S be a set and A ⊆ 2S a family of its subsets. A is a
σ-algebra if and only if:

i. ∅, S ∈ A.

ii. A ∈ A implies Ac = S\A ∈ A. We say that A is closed under complement.

iii. An ∈ A for n = 1, . . . implies ∪An ∈ A. We say that A is closed under countable union.

(a) Since ∩An = (∪Acn)c we have that A is closed under countable intersection.

If A is only closed under finite union (or intersection) then A is an algebra.

A σ-algebra imposes certain consistency to the family of sets under consideration. The
way to interpret it is that only subsets of the σ-algebra can be known, hence measured.
Because of property (i) it is possible to know when one or all of the outcomes occurred. Also
if there is an outcome that occurred it must be possible to determine if it didn’t. Finally if it
is possible to determine that some outcomes occurred individually it can also be determined
if at least one or all of them were realized.

It is instructive to consider two simple examples of σ-algebras that arise from throwing a
4 sided die, then S = {1, 2, 3, 4}. One (trivial) σ-algebra is:

A = {∅, S}

Another one is the σ-algebra generated by the collection {{1} , {2} , {3} , {4}}, then:

A =

{
{1} , {2} , {3} , {4} , {2, 3, 4} , {1, 3, 4} , {1, 2, 4} , {1, 2, 3} ,

{1, 2} , {2, 3} , {3, 4} , {1, 3} , {1, 4} , {2, 4} , ∅, S

}
In this case A = 2S, but this is not necessarily true, imagine that one can only determine if
an even number was thrown, then the outcomes are {{1, 3} , {2, 4}}, the σ-algebra is:

A = {{1, 3} , {2, 4} , ∅, S}

When S has uncountably many elements this process cannot be exemplified as easily
but one can always define the σ-algebra generated by a subset A ⊆ 2S as the intersection
of all σ-algebras that contain A. Clearly the arbitrary intersection of σ-algebras is again a
σ-algebra.

Now that we have defined a σ-algebra its possible to say what a measurable set and a
measurable space are:
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Definition 20.2. (Measurable Space) A pair (S,A) where S is any set and A is a σ-
algebra is called a measurable space. A set A ∈ A is called A-measurable.

Note that we say that A ⊆ S is measurable with respect to a σ-algebraA if its elements are
identifiable, that is, if the outcomes represented in A can be told apart from other outcomes
given the information in A. For example the set A = {4} is not measurable in the last
example above, since its impossible to know if a 4 was the outcome of the throw.

A σ-algebra of special importance is the Borel σ-algebra.

Definition 20.3. (Borel σ-algebra) Let S = R and A be the set of open and half open
intervals. The Borel algebra, noted by B, is the σ-algebra generated by A. A set B ∈ B is
called a Borel set.

Note that the Borel algebra could have been defined equivalently with the closed and
half closed intervals (use complement). In general one can define the Borel algebra for any
metric space (S, ρ) as the smallest σ-algebra containing all the open balls. In the case of the
Euclidean spaces it can also be generated with open rectangles.

What follows is to define the measure of a measurable set.
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20.2 Measures

20.2.1 Measures in σ-algebras

Given a measurable space (S,A) a measure is nothing but a function µ : A → R with certain
restrictions that guarantee its consistency:

Definition 20.4. (Measure) Let (S,A) be a measurable space. A measure is an extended
real-valued function µ : A → R such that:

i. µ (∅) = 0

ii. µ (A) ≥ 0 for all A ∈ A.

iii. µ is countably additive. If {An}∞n=1 is a countable, disjoint sequence in A, then:

µ (∪An) =
∑

µ (An)

If furthermore µ (S) < ∞ then µ is said to be a finite measure, and if µ (S) = 1 then µ is
said to be a probability measure.

Definition 20.5. (Measure Space) A triple (S,A, µ) where S is a set, A is a σ-algebra
of its subsets and µ is a measure on A is called a measure space. The triple is called a
probability space if µ is a probability measure.

An important concept is that of almost everywhere and almost surely. These are qualifiers
for a given proposition that can be evaluated in sets of A.

Definition 20.6. (Almost Everywhere and Almost Surely) Let (S,A, µ) be a measure
space. A proposition is said to hold almost everywhere (a.e.) or almost surely (a.s.) if there
exists a set A ∈ A such that µ (A) = 0 and the proposition holds in Ac.

An example of the use of a.e. or a.s. is when treating functions that are similar to each
other. One can say that two functions are equivalent a.e. or that a function is continuous
a.e. Then the functions f and g satisfy f (x) = g (x) and A = {x|f (x) 6= f (y)} satisfies
µ (A) = 0. In measure theory the behavior of functions a.e. is all that matters, then we can
treat functions that have anomalies as long as those anomalies occur only in sets of measure
zero.

There are some properties of a measure that are useful to keep in mind, a crucial one is
used for Bayes law and the definition of conditional probability.

Proposition 20.1. Let (S,A, µ) be a measure space and B ∈ A a set. Define λ : A → R as
λ (A) = µ (A ∩B). Then λ is a measure on (S,A). If in addition µ (B) <∞ then λ̃ defined
as λ̃ (A) = µ(A∩B)/µ(B) is a probability measure on (S,A).

Proof. First note that if A,B ∈ A then A∩B ∈ A, this follows from a σ-algebra being closed
under countable intersection, by letting A1 = A and An = B for n ≥ 2 the result obtains. It
is left to check the three properties of a measure:
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i. λ (∅) = µ (∅ ∩B) = µ (∅) = 0.

ii. λ (A) = µ (A ∩B) ≥ 0.

iii. Let {An}∞n=1 be a countable, disjoint sequence in A, then note that the sequence
{An ∩B}∞n=1 is also disjoint and that:

λ (∪An) = µ ((∪An) ∩B) = µ (∪ (An ∩B)) =
∑

µ (An ∩B) =
∑

λ (An)

iv. If µ (B) <∞ then all the previous results hold for λ̃ by dividing everything by µ (B).
Furthermore λ̃ (S) = µ(S∩B)

µ(B)
= µ(B)

µ(B)
= 1.

Another useful property is given by the following proposition, it reflects the intuitive
property of measures being ’increasing’:

Proposition 20.2. Let (S,A, µ) be a measure space and A,B ∈ A sets. If A ⊆ B then
µ (A) ≤ µ (B), if in addition µ is finite then µ (B\A) = µ (B)− µ (A).

Proof. Since A ⊆ B there exits C = B\A = B ∩ Ac such that A ∪ C = B and A ∩ C = ∅.
Then:

µ (A) + µ (C) = µ (B)

since µ (C) ≥ 0 if follows that µ (A) ≤ µ (B). If µ is finite then all elements above are well
defined and: µ (B\A) = µ (B)− µ (A).

The following property is widely used to establish properties of limits of functions, and
of the Lebesgue integral:

Proposition 20.3. Let (S,A, µ) be a measure space:

i. If {An} is an increasing sequence in A, that is, if An ⊆ An+1 for all n, then:

µ (∪An) = limµ (An)

ii. If {Bn} is an decreasing sequence in A, that is, if Bn ⊇ Bn+1 for all n, then:

µ (∩Bn) = limµ (Bn)

Proof. Stokey et al. (1989, Sec. 7.2). Satisfying these two properties makes a measure
continuous.
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20.2.2 Measures in algebras and extensions

So far we have defined a measure on an σ-algebra, but a σ-algebra is usually a large collection
of sets and defining a function on such a set while preserving the consistency required for a
measure is not an easy task. An alternative is given by defining measures on algebras, which
are smaller and less complicated collections of sets. It can be shown that these measures
preserve all the desirable properties of the more complicated spaces, and also allow for an
extension to σ-algebras, once the measure is properly constructed.

We start by defining a measure on an algebra.

Definition 20.7. (Measure) Let (S,A) be a measurable space. A measure is an extended
real-valued function µ : A → R such that:

i. µ (∅) = 0

ii. µ (A) ≥ 0 for all A ∈ A.

iii. If {An}∞n=1 is a countable, disjoint sequence in A, and ∪An ∈ A, then:

µ (∪An) =
∑

µ (An)

If furthermore µ (S) < ∞ then µ is said to be a finite measure, and if µ (S) = 1 then µ is
said to be a probability measure.

Note that condition (iii) also includes finite union of disjoint sets as a special case.

Definition 20.8. (σ-finite measure) Let S be a set, A an algebra of its subsets and µ
a measure defined on A. If there is a countable sequence of sets in A, {An}, such that
µ (An) ≤ ∞ and S = ∪An then µ is σ-finite

It is now possible to extend the notion of this measure to a σ-algebra.

Theorem 20.1. (Caratheodory extension theorem) Let S be a set, A an algebra of
its subsets and µ a measure defined on A. Let A? be the smallest σ-algebra containing A.
There exists a measure µ? on A? such that µ? (A) = µ (A) for all A ∈ A.

The problem of uniqueness is also solved.

Theorem 20.2. (Hahn extension theorem) Let S be a set, A an algebra of its subsets,
µ a measure defined on A and A? the minimal σ-algebra of A. If µ is σ-finite then the
extension µ? is unique.

To see how these theorems and the extension of a measure are used consider defining
a measure on the Borel σ-algebra. It seems logical to define the measure of an interval
A = (a, b) as µ (A) = b − a if b ≥ a and µ (A) = 0 otherwise (since the interval would be
empty). Yet the Borel σ-algebra contains sets beyond simple intervals, and the countable
union of intervals can give rise to weird sets. An answer to this problem is given by defining
a measure on the Borel algebra, formed by all types of intervals and their finite unions.
Defining a measure on this set seems straightforward:
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i. µ (∅) = 0

ii. µ ((a, b)) = µ ([a, b]) = µ ((a, b]) = µ ([a, b)) = b− a

iii. µ ((−∞,∞)) = µ ((−∞, b]) = µ ([a,∞)) =∞

iv. µ (∪ (an, bn)) =
∑

(bn − an) if the intervals are disjoint.

The function µ can be verified to be a measure on the Borel algebra, and hence an extension
to the Borel σ-algebra exists. If we restrict our attention to S = [a, b] and the intervals
contained in it we can define a σ-finite measure, obtaining uniqueness of the extension. This
is how we can deal with complicated environments.

Once the measure is extended to the σ-algebra all the results obtained above apply.

20.2.3 Completion of a measure

One small detail is left to be checked. Sometimes there is a set B ⊆ S such that B ⊆ A ∈ A
and µ (A) = 0, but if B /∈ A then its measure is undefined, while it should be clearly zero.
The completion of a σ-algebra to include these type of ’harmless’ sets is what follows. Note
that as before including sets or behaviors of measure zero is of no consequence.

Definition 20.9. (Completion of a σ-algebra) Let (S,A, µ) be a measure space. Define
a collection C as:

C = {C ⊂ S|∃A∈Aµ (A) = 0 ∧ C ⊂ A}

The completion of σ-algebra A is:

A′ =
{
B
′ ⊆ S |B′ = (A ∪ C1) \C2 A ∈ A ∧ C1, C2 ∈ C

}
Note that by letting C1 = C2 = ∅ we get A ⊆ A′ , A′ includes all sets in 2S that differ from
a set in A by a set of measure 0.

Definition 20.10. (Completion of a measure) Let (S,A, µ) be a measure space and A′

the completion of A. µ
(
B
′)

= µ (B) for any B′ ∈ A′ that differs from B ∈ A by a set of
measure 0.

The Caratheodory and Hahn extension theorems also apply for completions.
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21 Measurable functions
A measurable function is a type of function for which it is possible to know (to measure)
the conditions (the set) that originates certain outcomes. One can think of a function as
mapping certain events in a given measure space to outcomes in another measure space. A
function is measurable if the sets that induce a given outcome are measurable. Formally:

Definition 21.1. (Measurable function) Let (S,A, µ) and
(
S
′
,A′ , µ′

)
be measure spaces

and f : S → S
′ a function. f is measurable if and only if f−1

(
A
′) ∈ A for all A′ ∈ A′ .

A special case of notable importance is that of
(
S
′
,A′ , µ′

)
= (R,B, λ), where λ is the

Lebesgue measure on the plane. This are real valued functions. In this case the B-measurable
sets in R can be characterized in the following way:

Theorem 21.1. Let (S,A, µ) be a measure space and f : S → R. f is µ-measurable if and
only if f−1 ((−∞, c)) = {x ∈ S|f (x) < c} ∈ A for all c ∈ R.

Proof. This theorem is stated as the definition of a real valued function f being µ-measurable
in Stokey et al. (1989), but a formal proof is presented in Kolmogorov and Fomin (2012, Sec.
28, Thm. 1). It can also be stated with any of the inequalities ≥,≤, >,<.

Also when the measure space in question is a probability space one can characterize
formally what a random variable is.

Definition 21.2. (Random variable) Let (S,A, µ) be a probability space and f : S → R
a real valued function. f is a random variable if and only if f is measurable, that is, if and
only if f−1 (B) ∈ A for all B ∈ B, where B is the Borel σ-algebra on R.

Generally it is very hard to find a function that is not measurable. The details of the
example will depend on the spaces considered. For example if f : R→ R and A is the set of
all open (or closed) sets in R the definition of measurability is equivalent to that of continuity
(the pre-image of an open set has to be open) and then all functions that are not continuous
are not measurable. It is clear that more complete σ-algebras make more difficult to generate
counterexamples. The following three results show how difficult it is to generate them:

Proposition 21.1. Let f : R→ R.

i. If f is continuous then f is measurable with respect to the Borel sets.

ii. If f is monotone then f is measurable with respect to the Borel sets.

Proof. Each case is proven:

i. Let f be continuous. Consider the set f−1 ((−∞, c)) for any c ∈ R, note that (−∞, c)
is open, since f is continuous then its pre-image is open, then it is a Borel set. Then
its measurable.
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ii. Let f be monotone increasing. Consider the set f−1 ((−∞, c)) for arbitrary c ∈ R.
Note that f−1 ((−∞, c)) = (−∞, a) or f−1 ((−∞, c)) = (−∞, a] or f−1 ((−∞, c)) =
(−∞,∞) or f−1 ((−∞, c)) = ∅ for some a ∈ R. Monotonicity ensures that if a ∈
f−1 ((−∞, c)) and b ≤ a then b ∈ f−1 ((−∞, c)). Suppose its not, then there exists
numbers b ≤ a such that f (b) > c ≥ f (a), contradicting monotonicity.

Note that all these sets are in B, then f is B-measurable.

Corollary 21.1. The composition of measurable functions is measurable. In particular the
composition of a continuous function with a measurable function is measurable.

Proposition 21.2. Let S = {s1, s2, . . .} be a countable set (potentially infinite) and A = 2S

a σ-algebra on S. Then all functions f : S → R are measurable.

Proof. The proof is immediate since the pre-image of a Borel set is a subset of S, then it
belongs to A = 2S.

In a more general way one can establish the measurability of a function by relating to a
class of well behave ’simple’ functions. The base for this class is the indicator function.

Definition 21.3. (Indicator Function) Let (S,A) be a measurable space. An indicator
function χA : S → R is:

χA (s) =

{
1 if s ∈ A
0 if s /∈ A

Clearly χA is measurable if and only if A ∈ A.

Definition 21.4. (Simple Function) Let (S,A) be a measurable space. A simple function
is a function that takes at most countably many values. When the function takes finitely
many values it can be expressed as:

φ (s) =
n∑
i=1

αiχAi (s)

where {Ai} is a sequence of subsets of S and αi ∈ R.

Characterizing the measurability of simple functions is slightly more complicated.

Proposition 21.3. A simple function taking values {y1, y2, . . .}is measurable if and only if
the sets Ai = {s ∈ S|φ (s) = yn} are measurable.

Proof. Both directions are proven.

i. Let φ be measurable, and note that {yn} ∈ B, then its pre-image is measurable wrt A.
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ii. Let the sets be measurable, that isAi ∈ A, and consider B ∈ B a Borel set. Then:

φ−1 (B) = {s ∈ S|φ (s) = yi ∈ B} =
⋃
yi∈B

Ai

Since each Ai ∈ Ai and the union is taken over no more than countably many sets we
have

⋃
yi∈B Ai ∈ A by definition of a σ-algebra. This proves measurability of φ−1 (B).

In what follows all simple functions will be considered measurable. The importance of
simple functions is given by the applications of the following proposition.

Proposition 21.4. Let (S,A) be a measurable space and let {fn} be a sequence of measurable
functions converging pointwise to f , that is lim fn (s) = f (s) for all s. Then f is also
measurable.

Proof. The proof can be found in Stokey et al. (1989, Sec. 7.3) or in Kolmogorov and Fomin
(2012, Sec. 28.1).

Corollary 21.2. If f is non-negative one can choose the sequence {fn} to be strictly increas-
ing.

Corollary 21.3. If f is bounded one can choose the sequence {fn} to converge uniformly.

The main application is the following result that gives a characterization of measurable
functions in terms of simple functions:

Proposition 21.5. A function f is measurable if and only if it an be represented as the limit
of a uniformly converging sequence of measurable simple functions.

Proof. The first direction is immediate from the previous proposition. If f is the limit of
measurable functions then f is also measurable.

Let f be measurable. It is left to construct a converging sequence of simple functions that
converges to f . wlog let f (s) ≥ 0 for all s, then by the Archimedean principle there exists a
non-negative integer m such that

m

n
≤ f (s) <

m+ 1

n

Let fn (s) = m/n, since n is fixed and m ∈ N ∪ {0} it follows that fn can take at most
countably many values, hence it is simple. fn is also measurable since:

f−1
n ((−∞, c)) = {s ∈ S|fn (s) ≤ c} =

{
s ∈ S|fn (s) ≤ m?

n

}
=

{
s ∈ S|fn (s) <

m? + 1

n

}
For m? chosen by the Archimedean principle. Note that the last set is f−1

((
−∞, m?+1

n

))
which is measurable by assumption. Then fn is measurable for all n.

Finally note that fn → f uniformly since:

|fn (s)− f (s)| ≤
∣∣∣∣mn − m+ 1

n

∣∣∣∣ =
1

n
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Other results will follow and are left stated without proof:

Proposition 21.6. Let f, g be measurable functions and α ∈ R then:

i. f + g is measurable.

ii. αf is measurable.

iii. fg is measurable.

iv. 1/f is measurable provided that f (s) 6= 0.

Finally continuity of functions is used to strengthen the intuition around measurability.

Proposition 21.7. Let f, g be equivalent function defined on an interval E, that is they are
equal a.e. If f and g are continuous then they coincide.

Proof. Suppose not, then there exists x ∈ E such that f (x) 6= g (x). Let ε = |f (x)− g (x)|,
since f and g are continuous there exists δ such that for x′ ∈ Bδ (x) it holds that

∣∣f (x)− f
(
x
′)∣∣ <

ε
2
and

∣∣g (x)− g
(
x
′)∣∣ < ε

2
. Then for all x′ ∈ Bδ (x) it holds that f

(
x
′) 6= g

(
x
′), but Bδ (x)

has strictly positive measure, contradicting f and g being equivalent.

Proposition 21.8. A function f equivalent to a measurable function g is measurable.

Proof. Since the functions are equivalent the sets {x|f (x) ≤ c} and {x|g (x) ≤ c} can differ
in at most by a set of measure zero. Then if the second set is measurable so is the first one
(taking into account the completion of the σ-algebra). This proves measurability.

Corollary 21.4. A function f equivalent to a continuous function is measurable.

Proof. Immediate from continuous functions being measurable.

This implies that if a function is continuos a.e. then it is measurable, again the behavior
of functions in sets of measure zero carries no consequence. It turns out that this corollary
can be strengthened. The result is powerful and is stated without a proof:

Theorem 21.2. (Luzin) Let f : [a, b]→ R be a function. f is continuous if and only if for
all ε > 0 there exists a continuous function g such that µ {x ∈ [a, b] | f (x) 6= g (x)} < ε.

This theorem shows that for the case of functions of real variable and real value measur-
ability is equivalent to continuity, except on a set of arbitrarily small size. In other words
a measurable function can be made continuous by altering its values on a set of arbitrarily
small measure.
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22 The Lebesgue integral
The Lebesgue integral is in at least two important ways a generalization of the Riemann
integral and it serves a crucial purpose of defining what it means to take the expected value
of a function with respect to a probability distribution. The first sense in which the Riemann
integral is generalized is that the Lebesgue integral is defined over measurable function, a
space that is much richer than that of Riemann integrable functions, the second sense is much
more crucial: the Lebesgue integral is defined for functions that with domain in arbitrary
sets, thus allowing to handle a more abstract and general class of functions.

Intuitively the Lebesgue integral is constructed in a similar way than the Riemann inte-
gral. To construct the latter one takes successively finer grids of the domain and evaluate the
function at certain points, constructing step functions, one above the function and one below,
then two sums are constructed and the value of the integral is defined as the (common) value
of the limit of those sums as the length of the grid’s spaces goes to zero.

The Lebesgue integral of a function f : S → R+ is constructed by taking grids over
the range of the function {yi}ni=1 such that 0 = y1 ≤ . . . ≤ yn. Then one can define the
sets Ai = {s ∈ S|yi ≤ f (s) < yi+1} and using the measure over S define λ (Ai) and the sum∑
yiλ (Ai). The Lebesgue integral is then the limit of this sum as the values yi are closer

together.
The introduction before of simple functions makes sense when defining the Lebesgue

integral. Its definition seems intuitive for this class of functions and Proposition 21.5 creates
a bridge between them and the more general class of measurable functions, thus allowing to
extend the Lebesgue integral to this broader family.

In what follows we restrict attention to non-negative, real valued functions.

Definition 22.1. (Lebesgue integral for simple functions) Let (S,A, µ) be a measure
space and f : S → R+ a simple, µ-measurable function that takes no more than countably
many values {y1, y2, . . .}. The Lebesgue integral over the set A ⊆ S is defined as:∫

A

f (s) dµ =
∑
n

ynµ (An) (22.1)

where the sets An are defined as:

An = {s ∈ A|f (s) = yn}

Note that these sets can be empty if there is no element of s in A for which f takes a given
value. The Lebesgue integral is defined as long as the series in (22.1) is absolutely convergent.
Note that if f takes finitely many values and µ is finite (or a probability measure) this
condition is satisfied.

An example is given by the constant function, f (s) = 1 for all s ∈ S, then:∫
A

f (s) dµ =

∫
A

dµ = µ (A)

It can be shown that the lebesgue integral satisfies some natural properties:
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Proposition 22.1. Let f and g be non-negative, measurable, simple and integrable functions
on (S,A, µ), a measure space, and c ≥ 0 a constant. Then:

i.
∫
A

(f + g) (s) dµ =
∫
A
f (s) dµ+

∫
A
g (s) dµ

ii.
∫
A

(cf) (s) dµ = c
∫
A
f (s) dµ

iii. If f is bounded |f (s)| ≤M a.e. then f is integrable and
∣∣∫
A
f (s) dµ

∣∣ ≤Mµ (A).

Proof. Kolmogorov and Fomin (2012, Sec. 29.1).

Definition 22.2. (Lebesgue integral - Nonnegative functions) Let (S,A, µ) be a mea-
sure space. A measurable function f : S → R is said to be integrable on a set A if there
exists a sequence {fn} of integrable simple functions converging uniformly to f on A. The
Lebesgue integral is defined as: ∫

A

f (s) dµ = lim

∫
A

fn (s) dµ (22.2)

Note that this definition precludes the integral from being infinite, as shown in Kol-
mogorov and Fomin (2012, Sec. 29.1), the limit above exists provided that the functions
fn are integrable (recall that it was asked of the sum in (22.1) to be finite), moreover it is
independent of the choice of sequence approximating f , this sequence can be furthermore be
chosen to be strictly increasing (Stokey et al., 1989). A final thing is that the concept of
the Lebesgue integral can be easily generalized to allow for infinite values, the definition in
Stokey et al. (1989) allows for this.

What follows is a list of properties of the Lebesgue integral which should be familiar if
there is any knowledge of the behavior of Riemann integrals. They are not of particular
interest in this course.

Proposition 22.2. Properties of the Lebesgue integral for non-negative measurable functions:

i.
∫
A

(f + g) (s) dµ =
∫
A
f (s) dµ+

∫
A
g (s) dµ

ii.
∫
A

(cf) (s) dµ = c
∫
A
f (s) dµ

iii. If g is measurable and integrable and f is bounded by g: |f (s)| ≤ g (s) a.e., then f is
integrable and

∣∣∫
A
f (s) dµ

∣∣ ≤ ∫
A
g (s) dµ.

(a) If f is bounded and measurable then it is integrable.

iv. If f ≤ g a.e. then
∫
f (s) dµ ≤

∫
g (s) dµ.

v. If A ⊆ B with A,B ∈ A then
∫
A
f (s) dµ ≤

∫
B
f (s) dµ

vi. Let A = ∪An where {An} is a finite or countable sequence of disjoint sets. If f is
integrable on A then f is integrable on An for all n and:∫

A

f (s) dµ =
∑
n

∫
An

f (s) dµ

when the series on the right is absolutely convergent.
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Finally it is noted that a non-negative integrable function induces a measure on a space,
the following proposition makes this clear.

Proposition 22.3. Let f be a non-negative, integrable function, then λ : A → R defined as:

λ (A) =

∫
A

f (s) dµ

is a measure on (S,A).

Definition 22.3. (Lebesgue integral) Let (S,A, µ) be a measure space. A measurable
function f : S → R is said to be integrable if the following two integrals are finite:∫

f+ (s) dµ

∫
f− (s) dµ

where:

f+ (s) =

{
f (s) if f (s) ≥ 0

0 if f (s) < 0
f+ (s) =

{
0 if f (s) ≥ 0

−f (s) if f (s) < 0

The integral of f is defined as:∫
f (s) dµ =

∫
f+ (s) dµ−

∫
f− (s) dµ (22.3)

Recall that when (S,A, µ) is a probability space the function f is called a random variable,
the definitions above are then the definitions of the expected value of a random variable, this
expected value exists when f is integrable, we have seen that a sufficient condition for this is
to be bounded a.e. and the measure to be finite, this last condition is satisfied immediately
by probability measures.
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23 The Stieltjes integral
The Lebesgue-Stieltjes integral is a type of integral specially useful in probability theory, be-
cause of the resemblance between the Stieltjes measures and probability measures. To intro-
duce the concept consider a real valued random variable that takes values on a closed interval
[a, b], this is for example the result of coin toss when catalogued as 0 or 1, the underlying prob-
ability space is formed by S = {H,T}, A = {∅, S, {H} , {T}} and a probability measure on
A, a function µ : A → [0, 1] such that µ ({H}) , µ ({T}) ≥ 0, µ (S) = µ ({H}) + µ ({T}) = 1
and µ (∅) = 0. The random variable is then a function f : S → R such that f (H) = 0 and
f (T ) = 1. It seems natural to ask what is the probability that f (s) = 1, it is of course given
by µ (T ), in the same way can ask for the probability that f (s) ≤ c for any value c, the
function that answers that question is called the cumulative distribution function. In this
example we have:

F (c) = Pr (f (s) ≤ c) =


0 if c < 0

µ (H) if 0 ≤ c < 1

1 if 1 ≤ c

Since the measure µ is non-negative it is clear that F has to be a non-decreasing function, it
is also continuous from the left, moreover it is possible to recover µ from knowledge of F :

µ (H) = F (0) µ (T ) = 1− F (0)

The Stieltjes measure is a general way of looking at this last step. It treats the problem
of inducing a measure from a non-decreasing left continuous function. The application to
probability theory is apparent since we deal with the CDF of a random variable, and not
directly with its probability measure, as we saw before it is this latter object the one that
defines the expected value.

23.1 The Stieltjes measure

Let F : [a, b]→ R be a non-decreasing and left-continuous function. Let A be an algebra of
all subintervals of [α, β) (including open, closed and half-open intervals). Define a measure
on A by:

m (α, β) = F (β)− F (α + 0)

m [α, β] = F (β + 0)− F (α)

m (α, β] = F (β + 0)− F (α + 0)

m [α, β) = F (β)− F (α)

Now consider the Lebesgue extension of m, call it µF and the σ-algebra of all µF -measurable,
call it AF . Note that AF contains all subintervals of [α, β) and hence all the Borel sets of
[α, β).

Definition 23.1. (Stieltjes measure) The measure µF described above is called the
(Lebesgue-)Stieltjes measure and F its generating function.
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This concept is easily extended to the whole real line. Some examples show the generality
of this type of measure:

Example 23.1. Let F (x) = x, then the Stieltjes measure is nothing but the Lebesgue
measure on the real line, that is, the extension of the concept of length of an interval.

Example 23.2. Let F be a jump function with discontinuity points {x1, x2, . . .} and corre-
sponding jumps {h1, h2, . . .}. The measure is of course:

m ({xn}) = hn m ({x1, x2, . . .}c) = 0

Then every subset of [α, β) is µF -measurable since their measure depends only on count-
able points. Any set A has measure given by:

µF (A) =
∑
xn∈A

hn

This number exists by assumption. A Stieltjes measure generated by a jump function is
called a discrete measure. Note that all discrete random variables have CDF that are jump
functions.

Example 23.3. Let F be an absolutely continuous non-decreasing function on [α, β). Ab-
solutely continuous functions have a finite derivative a.e. let this derivative be f = F

′ . Then
the Stieltjes measure µF is defined for all Lebesgue measurable sets and:

µF (A) =

∫
A

f (x) dx

clearly in this case µF ({x}) = 0 since {x} has Lebesgue measure 0.
The result follows from Lebesgue theorem:

Theorem 23.1. (Lebesgue) If F is absolutely continuous on [a, b] then the derivative F ′ is
integrable on [a, b] and:

F (β)− F (α) =

∫ β

α

F
′
(x) dx

Proof. Kolmogorov and Fomin (2012, Sec. 33, Thm. 6).

Applying this theorem here we get:

m (α, β) = m [α, β] = m (α, β] = m [α, β) =

∫ β

α

f (x) dx

Since f is non-negative and integrable wrt all Lebesgue-measurable subsets of [a, b]
(
B[a,b]

)
we know by proposition (22.3) that

µF (A) =

∫
A

f (x) dx

is a measure on
(
[a, b] ,B[a,b]

)
that coincides with m, since the extension is unique we get that

µF is the Stieltjes measure we are looking for.
This type of measure is called absolutely continuous and is related to continuous random

variables.
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Now we can define the integral with respect to a Stieltjes measure:

Definition 23.2. (Lebesgue-Stieltjes integral) Let µF be Stieltjes measure with gener-
ating function F , and let g be a µF -measurable function, then the integral is defined as:∫ b

a

g (x) dF (x) =

∫
[a,b]

g (x) dµF

If µF is discrete with F (x) =
∑
xn≤x

h (xn), then we have:

∫ b

a

g (x) dF (x) =
∑
n

g (xn)hn

If µF is absolutely continuous then:∫ b

a

g (x) dF (x) =

∫ b

a

g (x) f (x) dx

As hinted above in probability Stieltjes measures arise naturally. Let ξ be a random vari-
able and define F (x) = Pr (ξ < x), then as noted above F is non-decreasing and continuous
from the left, moreover F (−∞) = 0 and F (∞) = 1. The Lebesgue-Stieltjes measure allows
us to define the expected value and variance of the random variable as:

E [ξ] =

∫ ∞
−∞

xdF (x) V [ξ] =

∫ ∞
−∞

(x− E [ξ])2 dF (x)

note that these definitions are valid for discrete and continuos random variables.
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24 Markov Processes
As seen in Section 18 a great deal of problems can be expressed in a recursive setting, and the
use of recursive methods can provide solution to problems that would otherwise be impossible
to handle. When dealing with random variables the same topic arises, in particular one can
think of a sequence made by the realizations of a random variable, since the sequence is
ordered one can also think of each element of the sequence being realized sequentially, in this
way its natural to consider the case in which one element of the sequence depends on the
value of the previous element. More formally, when the distribution of one element of the
sequence depends on the realization of the previous element. Markov processes are processes
that behave in this way.

Since the objective is to introduce shocks to a dynamic program lets consider first the
deterministic dynamic program of Section 18, characterized by the Bellman equation:

v (x) = sup
y∈Γ(x)

{F (x, y) + βv (y)} (24.1)

The idea is to add a random variable whose realization z will affect the problem, z is a state
of the problem and its drawn each period from a distribution characterized by the measure
λ. Formally consider (Z,Z, λ) a probability space, then we can define the problem to be::

v (x, z) = sup
y∈Γ(x)

{
F (x, y, z) + β

∫
v
(
y, z

′
)
dλ
(
dz
′
)}

(24.2)

Recall that λ maps sets of the σ-algebra Z to real numbers. The problem above can be solved
using the results of Sections (20) to (23), but it is not general enough for our purposes since
the distribution of z is fixed, and each draw is taken (each period) from the same distribution.

In general we want the distribution of z′ to be influenced by the previous draw z, for this
we need a special type of function, Q : Z × Z → R, such that for all z ∈ Z it holds that
Q (z, ·) is a probability distribution for z′ . This is called a transition function and it allows
to express the problem as:

v (x, z) = sup
y∈Γ(x)

{
F (x, y, z) + β

∫
v
(
y, z

′
)
dQ
(
z, dz

′
)}

(24.3)

The objective is now to characterize transition functions and the properties of the process
that they generate.
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24.1 Transition functions

Definition 24.1. (Transition Function) Let (Z,Z) be a measurable space. A transition
function is a function Q : Z ×Z → [0, 1] such that:

i. For each z ∈ Z the function Q (z, ·) is a probability measure on (Z,Z).

ii. For each A ∈ Z the function Q (·, A) is a Z-measurable function.

The interpretation is that for all current value of the random variable the transition
function induces a probability measure for next period’s value of the variable. Then Q (a,A)
is the probability that z′ ∈ A if the current value of the variable is a.

Q (a,A) = Pr
(
z
′ ∈ A|z = a

)
Any transition function defines two operators that will be of great importance later.

Definition 24.2. Let Q be a transition function on a measurable space (Z,Z). Define F as
the set of Z-measurable functions and Λ the set of probability measures on (Z,Z).

i. The Markov operator of Q is an operator T defined on the set of Z-measurable func-
tions:

Tf (z) =

∫
f
(
z
′
)
Q
(
z, dz

′
)

for all z ∈ Z. T is the expected value of f in the next period if today’s realization is z.

ii. The Adjoint operator of Q is T ? is an operator defined on probability measures on
(Z,Z):

T ?λ (A) =

∫
Q (z, A)λ (dz)

for all A ∈ Z. T gives the probability that z′ ∈ A if the current value of z is drawn
from probability distribution λ.

These operators are important because they will allow to characterize the distribution of a
sequence of random variables starting at some initial distribution. This is the objective when
solving a stochastic dynamic programming problem. In order for T and T ? to be useful it
is first necessary to check that they are sufficiently well behaved. The following propositions
will establish that the operators can be used recursively and their proof will be instructive
of how proofs go in measure theory.

Proposition 24.1. Let (Z,Z) be a measurable space and Q a transition function on that
space with Markov operator T . Then T : M+ (Z,Z) → M+ (Z,Z) where M+ (Z,Z) is the
space of nonnegative, extended variable Z-measurable functions.

Proof. The proof is done iteratively, first for indicator functions, then it is generalized to
simple functions and then to arbitrary nonnegative measurable functions.

First note that in general for any f ∈ M+ we have that Tf is a nonnegative function
of extended real value, this follows immediately, then it is left to check that Tf is also
measurable.
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Case 1. Let A ∈ Z and f = χA, note that χA is by construction measurable and nonneg-
ative. Then:

Tf (z) =

∫
f
(
z
′
)
Q
(
z, dz

′
)

=

∫
χA

(
z
′
)
Q
(
z, dz

′
)

=

∫
A

Q
(
z, dz

′
)

= Q (z, A)

Since Q (·, A) is measurable (as a function of z for fixed A) by definition we estab-
lish measurability of Tf .

Case 2. Let f be a simple function then there exists (finitely many) indicator functions

such that: f (z) =
n∑
i=1

aiχAi (z). Then the Markov operator gives:

Tf (z) =

∫
f
(
z
′
)
Q
(
z, dz

′
)

=

∫ n∑
i=1

aiχAi

(
z
′
)
Q
(
z, dz

′
)

=
n∑
i=1

ai

∫
A

χAi

(
z
′
)
Q
(
z, dz

′
)

=
n∑
i=1

aiTχAi

By the previous case each TχAi is measurable, then since sum and scalar product
of measurable functions is also measurable we obtain that Tf is also measurable.

Case 3. Let f be an arbitrary nonnegative, extended real value, measurable function. By
proposition 21.5 we know that since f is measurable and nonnegative it can be
expressed as the limit of point-wise convergent sequence of simple functions. So
for all z we have:

Tf (z) =

∫
f
(
z
′
)
Q
(
z, dz

′
)

=

∫
limφn

(
z
′
)
Q
(
z, dz

′
)

= lim

∫
φn

(
z
′
)
Q
(
z, dz

′
)

= limTφn (z)

where the third step of interchanging the limit and the integral follows from
Lebesgue’s Monotone Convergence theorem8. Finally the pointwise limit of mea-
surable functions is a measurable function (Proposition 21.4), since Tφn is mea-
surable by the previous case the result obtains.

8The theorem states that if {fn} is a monotone increasing sequence of nonnegative measurable functions
then that converges pointwise to f then

∫
fdµ = lim

∫
fndµ. Recall from proposition 21.5 that the sequence

{φn} of simple functions can be chosen to be monotone increasing.
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Corollary 24.1. Let (Z,Z) be a measurable space and Q a transition function on that space
with Markov operator T . Then T : B (Z,Z) → B (Z,Z) where B (Z,Z) is the space of
bounded Z-measurable functions.

Proof. Let f be a bounded measurable function, then if 0 ≤ f ≤ m it holds that 0 ≤ Tf ≤ m,
since Q (z, ·) is a probability measure. Then Tf is bounded. Measurability follows from the
proposition above by applying it to f = f+ − f−.

Note that this allows us to apply iteratively the operator to a function since if f ∈ B (Z,Z)
then Tf ∈ B (Z,Z), which allows to evaluate T (Tf), and so on. It will also be important
to apply the adjoint operator iteratively to a probability measure. The following proposition
will enable us to do so.

Proposition 24.2. Let (Z,Z) be a measurable space and Q a transition function on that
space with Adjoint operator T ?. Then T ? : Λ (Z,Z) → Λ (Z,Z) where Λ (Z,Z) is the space
of probability measures on (Z,Z).

Proof. Let λ ∈ Λ (Z,Z) and consider T ?λ (A) =
∫
Q (z, A) dλ (dz).

i. Since Q (z, A) ≥ 0 for all (z, A)then T ?λ ≥ 0.

ii. T ?λ (∅) =
∫
Q (z, ∅)λ (dz) =

∫
0λ (dz) = 0, since Q (z, ·) is a probability measure.

iii. T ?λ (Z) =
∫
Q (z, Z)λ (dz) =

∫
1λ (dz) = 1, since Q (z, ·) is a probability measure.

iv. It is left to show that T ?λ is countably additive. Let {Ai} ⊆ Z be a sequence of disjoint
sets and A = ∪Ai, then:

∞∑
i=1

T ?λ (Ai) =
∞∑
i=1

∫
Q (z, Ai)λ (dzi) =

∫ ( ∞∑
i=1

Q (z, Ai)

)
λ (dzi) =

∫
Q (z, A)λ (dzi) = T ?λ (A)

where
∑
Q (z, Ai) = Q (z, A) follows from Q being a σ-additive measure and inter-

change of the sum and the integral can be done because of the Lebesgue’s monotone
convergence theorem.

The following result establishes a duality between the Markov operator and its adjoint,
in words it says that the expected value of a function tomorrow can be computed with either
operator.

Proposition 24.3. Let (Z,Z) be a measurable space and Q a transition function on that
space. Then for any function f ∈ B (Z,Z) (or more generally f ∈M+ (Z,Z)) it holds that:∫

(Tf (z))λ (dz) =

∫
f
(
z
′
)
T ?λ

(
dz
′
)

=

∫ ∫
f
(
z
′
)
Q
(
z, dz

′
)
λ (dz)
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Then to obtain the expected value of function f tomorrow given a distribution λ of z
today the order of integration does not matter.

Proof. Stokey et al. (1989, Sec. 8.1).

We can now define a sequence of probability measures over the sequence of random
variables by iterating over Q with the Markov operator.

Q1 (z, A) = Q (z, A)
...

Qn+1 (z, A) = (TQn (·, A)) (z) =

∫
Qn
(
z
′
, A
)
Q
(
z, dz

′
)

Then if a shock is drawn sequentially from Q the function Qn (z, A) will give the probability
of going from initial point z to a value in set A in exactly n periods. Its easy to show that
each Qn is a transition function.

Finally its clear that starting from an initial probability (λ) the Adjoint operator can be
used to define a sequence of probability measures {λn} as λn = T ?λn−1, we interpret λ as
the distribution of the state z in the initial period and λn the (unconditional) distribution of
z in the nth period.

As a side note a transition function can have stronger properties that are of great use in
stochastic dynamic programming:

Definition 24.3. (Feller Property) A transition function Q has the feller property if its
Markov operator maps the set of continuous bounded function into itself. T : C (Z)→ C (Z).

Definition 24.4. (Monotone transition functions) A transition function Q is said to be
monotone if its Markov operator maps nondecreasing functions to nondecreasing functions.
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24.2 Probability measures on spaces of sequences

The idea now is to study sequences of random variables and their probability distributions,
this can be done using the transition function defined above.

The first task at hand is to define a probability distribution on a finite sequence of vari-
ables. For this let (Z,Z) be a measurable space and for t <∞ let (Zt,Z t) = (Z × . . .× Z,Z × . . .×Z)
be a product space. Now let Q be a transition function on (Z,Z). A probability measure on
the sequence given z0, the initial value of the variable is:

Definition 24.5. (Probability measure on finite sequence) µt : Z ×Z t → [0, 1] is the
probability distribution for the finite sequence and its defined as:

µt (z0, B) =

∫
A1

. . .

∫
At

Q (zt−1, dzt) ·Q (zt−2, dzt−1) · · ·Q (z0, dz1)

where B = A1 × . . . × At ∈ Z t is a rectangle in Z t. It can be shown that it is sufficient to
define µt only for this type of set, since it can then be extended uniquely to measurable sets
on Z t by the Caratheodory and Hahn extension theorems.

The next task is to handle infinite sequences of realizations of z. To do this we need
to be able to induce a σ-algebra Z∞ on the set of infinite sequences and then a probability
measure on that σ-algebra.

To do this define the set of finite-measurable rectangles. These sets establish outcomes
for the variables for the first T periods, leaving unspecified what happens to the sequence
afterwards.

Definition 24.6. (Finite-Measurable Rectangles)B is a finite measurable rectangle if
its of the form:

B = A1 × . . .× AT × Z × Z × . . .

for some finite T . Let C be the set of all finite measurable rectangles. Let A∞ be the set of
all finite unions of set in C.

It can be shown that A∞ is an algebra, then one can define Z∞ to be the σ-algebra
induced by A∞. Then one can define a measure on finite-measurable rectangles C just as
before, extend it to the algebra A∞, and the extend the extension to Z∞. This proves the
existence of a measure for infinite sequences that coincides with our notion of measure for
finite-measurable rectangles.

Now we can define what a stochastic process is:

Definition 24.7. (Stochastic Process) Let (Ω,F , P ) be a probability space. A stochastic
process on (Ω,F , P ) is an increasing sequence of σ-algebras F1 ⊆ F2 ⊆ . . . ⊆ F , a measurable
space (Z,Z)and a sequence of functions σt : Ω→ Z such that each σt is Ft-measurable.

Definition 24.8. (Sample Path) Let ω ∈ Ω, then (σ1 (ω) , σ2 (ω) , . . .) is called the sample
path of the stochastic process given ω.
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Note that each σt is just a random variable that takes a value on Z given some event
on Ω. In almost all cases we will have (Z,Z) = (R,B). The selection of the probability
space (Ω,F , P ) is also standard, since we are interested in the behavior of infinite sequences
of the realizations of the random variable we can set (Ω,F , P ) = (Z∞,Z∞, µ (z0, ·)). The
restriction that the σ-algebras are increasing follows from the draws being taken sequentially,
this σ-algebras will be interpreted as possible histories, and any future history must include
all of the possible previous histories from which it could have followed.

Given a stochastic process we can use probability measure P to induce measures on finite
sets of sample paths.

Definition 24.9. (Probabilities on Paths) Let C ∈ Zn we can define:

Pt+1,...,t+n (C) = P ({ω ∈ Ω | (σt+1 (ω) , . . . σt+n (ω)) ∈ C})

This is the probability that an event occurs and the sample path lies in C between periods
t+ 1 and t+ n.

Definition 24.10. (Stationary Stochastic Process) A stochastic process is said to be
stationary if Pt+1,...,t+n (C) is independent of t for all n and C. That is, if it does not matter
the point in time where we start the sequence.

Definition 24.11. (Conditional probability) Let Pt+1,...,t+n (C|at−s, . . . , at−1, at) be the
conditional probability of the event {ω ∈ Ω | (σt+1 (ω) , . . . σt+n (ω)) ∈ C} given that the
event {ω ∈ Ω | στ (ω) = aτ} happened.

Now we can define what a Markov process is:

Definition 24.12. (Markov Process) A stochastic process is a Markov process if:

Pt+1,...,t+n (C|at−s, . . . , at) = Pt+1,...t+n (C|at)

for t = 1, 2, . . ., n = 1, 2, . . ., s = 1, 2, . . . , t− 1 and C ∈ Zn.

The distribution of the path of a Markov process only depends on the last realization.
A general setting is easy to construct using a transition function Q. Let (Ω,F , P ) =

(Z∞,Z∞, µ (z0, ·)) and for each T define AT as the collection of all finite-measurable sets:

B = A1 × . . .× AT × Z × Z × . . .

As before this forms an algebra, let FT be the σ-algebra generated by AT . Clearly F t ⊆ F t+1.
Then we can define the sequence of functions z̃t : Ω→ Z as:

z̃t (ω) = z̃t (a1, a2, . . .) = at

so that it selects the tth realization of the sequence ω. These functions are clearly F t mea-
surable, since they don’t contain information about future realizations of the variable.

The definition of P through Q can be used to verify that this process is a Markov process.
Moreover it holds that:

Pt+1 (C|at−s, . . . , at) = Pt+1 (C|at) = Q (at, C)

for C ∈ Z.

155



24.3 Markov chains

We now zoom into a special type of Markov process that is particularly useful in applications
of dynamic programming. A Markov chain (or finite state Markov chain):

Definition 24.13. (Markov Chain) A Markov chain is a Markov process defined on a
space Z = {z1, . . . , zl} with finite dimension (finitely many elements).

The relevance of Markov chains resides in two observations. First, they allow for a simple
characterization of their transition function, as shown below. Second, most computational
methods (and thus applications) of dynamic programming discretize the state space, effec-
tively imposing that the space Z is finite.

Before characterizing the transition function of a Markov chain it is useful to note that
the natural σ-algebra over Z is Z = 2Z (the power set), and that the space of probabilities

distributions over Z is formed by vectors p ∈ Rl such that pi ≥ 0 and
l∑

i=1

pi = 19. The

transition function of the Markov process can be then characterized by a matrix:

Definition 24.14. (Markov Matrix / Stochastic Matrix) A square matrix Π = [πij] of
dimensions l × l is considered a Markov (or stochastic) matrix if πij ≥ 0 for all i and j, and
l∑

j=1

πij = 1 for all i. Equivalently, if its rows are probability distributions on Z: πi ∈ ∆l.

Note that the transition function of a Markov chain is a function Q : Z × Z → R+ that
gives the probability of a given set A ∈ Z given a current state zi. We can then construct a
Markov matrix by setting:

πij = Q (zi, {zj}) = Pr (zt+1 = zj|zt = zi)

So πij is interpreted as the probability that zt+1 = zj conditional on zt = zi. The row
πi = (πi1, . . . , πil) is the conditional probability of zt+1, given that zt = zi.

We can also go the other way, constructing a transition function Q from a Markov matrix
Π. Let A ∈ Z, since Z is finite A = {za1 , . . . , zan} where a1, . . ., an are n ≤ l indices. This
gives:

Q (zi, A) =
n∑
j=1

πiaj

We can now define the Markov operator and the adjoint Markov operator of a Markov
chain making use of the Markov matrix (Markov!).

i. Recall that The Markov operator of Q is an operator T defined on the set of Z-
measurable functions:

Tf (z) =

∫
f
(
z
′
)
Q
(
z, dz

′
)

9Formally p ∈ ∆l, where ∆l =

{
p ∈ Rl

+|
l∑

i=1

pi = 1

}
is the l − 1 dimensional simplex. This same set is

particularly useful in characterizing price systems in finite dimensional exchange economies.
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for all z ∈ Z. T is the expected value of f in the next period if today’s realiza-
tion is z. For Markov chains the function f can be reduced to a row-vector ~f =
(f (z1) , . . . , f (zl)) ∈ Rl, which reduces the integral to:

Tf (zi) = ~fπ
′

i

more generally we have:
Tf = ~fΠ

′

the ith element of Tf (which is an l-dimensional vector) corresponds to: E [f (zt+1) |zt = zi].

ii. Recall that the adjoint operator of Q is T ? is an operator defined on probability mea-
sures on (Z,Z):

T ?λ (A) =

∫
Q (z, A)λ (dz)

for all A ∈ Z. T gives the probability that z′ ∈ A if the current value of z is drawn
from probability distribution λ. Since the space is finite we can represent probabilities
distributions as vectors in ∆l. Let p ∈ ∆l be an initial distribution on Z, we want to
know the distribution on Z for the next period (p̂):

T ?p = p̂ = pΠ where: p̂j =
l∑

i=1

piπij

The jth element of T ?p (which is an l-dimensional row-vector) corresponds to the un-
conditional probability that zt+1 = zj: Pr (zt+1 = zj).

It shouldn’t be a surprise that the Markov operator is characterized by Π
′ and the adjoint

operator by its transpose Π10.
As with general Markov processes there is a special interest in the limit behavior of

the adjoint operator
(

lim
n→∞

Πnp
)
, in particular the existence and properties of an invariant

distribution, that is p? such that p? = Πp? (generally λ? = Tλ?). The problem of finding
an invariant distribution is frequently cast as an eigenvector problem. Note that p? is the
eigenvector associated with any unit-eigenvalue of Π.

Another property that will be of interest is the presence of Ergodic sets. These are subsets
of the space E ⊆ Z that the process never leaves once it takes a value in them. Formally:

Definition 24.15. (Ergodic Set) A set E ⊆ Z is ergodic if and only if Q (zi, E) = 1 for
all zi ∈ E and there does not exist a proper subset E ′ ⊂ E that is ergodic.

The ergodic sets are important because they tell us sections of the state space that are of
interest. Only ergodic sets have positive mass in the invariant distribution.

Following SLP we now show 5 examples of the possible limit behavior of Markov chains.
After the examples we state the main results on the existence and uniqueness of ergodic sets,

invariant distributions, and the convergence of the sequences
{

1
n

n∑
k=0

Πk

}
and {Πn}. (clearly

if the second sequence converges so does the first one).
10If vectors are assumed to be columns instead of rows then Tf = Πf and T ?p = Π

′
p. The adjoint is

characterized as the transpose of the Markov operator in any case.

157



Example 24.1. (Uniqueness of ergodic set, convergence of {Πn}) Let l = 2 and
consider the Markov matrix:

Π =

[
3/4 1/4

1/4 3/4

]
Clearly the only ergodic set is Z since one has positive probability of going to z1 or z2 starting
in any state. Moreover:

lim
n→∞

Πn =

[
1/2 1/2

1/2 1/2

]
The invariant distribution is then p? = (1/2, 1/2). Moreover lim (Πnp0) = p? for all p0 ∈ ∆2.

Note: Convergence is easily defined in this setup since the limit is taken element wise.

Example 24.2. (Uniqueness of a ergodic set, convergence of {Πn}) Let l = 3 and
γ ∈ (0, 1). Consider the Markov matrix:

Π =

 1− γ γ/2 γ/2

0 1/2 1/2

0 1/2 1/2


There is a unique ergodic set E = {z2, z3} 6= Z. Note that the state z1 is never reached again
once you leave it. One can also show:

Πn =

 (1− γ)n (1−(1−γ)n)/2 (1−(1−γ)n)/2

0 1/2 1/2

0 1/2 1/2


clearly {Πn} converges:

lim
n→∞

Πn =

 0 1/2 1/2

0 1/2 1/2

0 1/2 1/2


and the invariant distribution is p? = (0, 1/2, 1/2).

Example 24.3. (Cyclical sets , convergence of
{

1
n

n∑
k=0

Πk

}
) Consider an l-dimensional

Markov chain and order its states into two subsets, the first one with k elements and the
second one with l − k elements. Suppose the Markov matrix has the form:

Π =

[
0 Π1

Π2 0

]
where the first matrix Π1 is of dimension k× (l − k) and matrix Π2 of dimension (l − k)× k.
Clearly if at one period one is in the first subset the next period one will be in the second
subset, and vice-versa. So there are no proper subsets that form an ergodic subset, instead
the process cycles from the first subset to the second period by period.

Π2n =

[
(Π1Π2)n 0

0 (Π2Π1)n

]
Π2n+1 =

[
0 (Π1Π2)n Π1

(Π2Π1)n Π2 0

]
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In this example the sequence {Πn} does not converge but its odd and even elements do, then

the sequence
{

1
n

n∑
k=0

Πk

}
does converge.

For example if l = 4, k = 2 and Π1 = Π2:

lim
n→∞

Π2n =


1/2 1/2 0 0
1/2 1/2 0 0
0 0 1/2 1/2

0 0 1/2 1/2

 lim
n→∞

Π2n+1 =


0 0 1/2 1/2

0 0 1/2 1/2

1/2 1/2 0 0
1/2 1/2 0 0



lim
n→∞

1

n

n∑
k=0

Πk =


1/4 1/4 1/4 1/4

1/4 1/4 1/4 1/4

1/4 1/4 1/4 1/4

1/4 1/4 1/4 1/4


An invariant distribution is found as one of the rows of the last limit: p? = (1/4, 1/4, 1/4, 1/4).

Example 24.4. (Two ergodic sets, Infinitely many invariant distributions) Consider
an l-dimensional Markov chain and order its states into two subsets, the first one with k
elements and the second one with l− k elements. Suppose the Markov matrix has the form:

Π =

[
Π1 0
0 Π2

]
where the first matrix Π1 is of dimension k× (l − k) and matrix Π2 of dimension (l − k)× k.
Clearly once the process enters the first subset it never leaves it. The same goes for the

second subset. Then they are both ergodic. Also Πn =

[
Πn

1 0
0 Πn

2

]
, this sequence converges

if and only if {Πn
1} and {Πn

2} converge. Let l = 4, k = 2 and Π1 = Π2 =

[
3/4 1/4

1/4 3/4

]
, then:

lim
n→∞

Πn =


1/2 1/2 0 0
1/2 1/2 0 0
0 0 1/2 1/2

0 0 1/2 1/2


There are two invariant distributions:p?1 = (1/2, 1/2, 0, 0) and p?2 = (0, 0, 1/2, 1/2). But any
convex combination of them is also an invariant distribution.

Example 24.5. (Two ergodic sets, Infinitely many invariant distributions) Let l = 3,
γ ∈ (0, 2) and α, β ≥ 0 such that α + β = 1. Consider the Markov matrix:

Π =

 1− γ γα γβ
0 1 0
0 0 1


As in the second example s1 is a transient state (once you leave it you never come back), but
there are now two ergodic sets {s2} and {s3}. We also have:

lim
n→∞

Πn = lim
n→∞

 (1− γ)n (1− (1− γ)n)α (1− (1− γ)n) β
0 1 0
0 0 1

 =

 0 α β
0 1 0
0 0 1


159



The sequence {Πn} converges and there are two invariant distributions p?1 = (0, 1, 0) and
p?2 = (0, 0, 1) given by the second and third rows of the limiting matrix. The first row is a
convex combination of the limiting distribution.

Now we turn to the general results. The following theorem encompasses all the possible
outcomes of a Markov chain. In particular, an ergodic set and a limit distribution always
exist, but they need not be unique, and although the sequence {Πn} need not converge, the

sequence
{

1
n

n∑
k=0

Πk

}
always converges, and its limit gives away the invariant distributions.

Theorem 24.1. Let Z = (z1, . . . , zl) and denote the stochastic matrix by its elements: Π =

[πij]. The powers of Π are also denoted by its elements Πn =
[
π

(n)
ij

]
.

i. Z can be partitioned into M ≥ 1 ergodic sets and a transient set (an ergodic set always
exists).

ii. The sequence
{

1
n

n∑
k=0

Πk

}
always converges to a Markov matrix Π.

(a) For any p0 ∈ ∆l and pk = p0Πk it holds that: 1
n

n∑
k=0

pk → p0Π.

iii. Each row of Q is an invariant distribution, and every invariant distribution is a convex
combination of the rows of Π (so p0Π is an invariant distribution for all p0 ∈ ∆l).

We can strengthen these results by imposing extra structure on Π. We can get uniqueness
of the ergodic set and the invariant distribution under a “reachability” condition (at least one
state should be reachable in finite time starting from anywhere).

Theorem 24.2. Let Z and Π as in Theorem 24.1. Π has a unique ergodic set if and only if
there exists a state zj such that for all i ∈ (1, . . . , l) there exist n ≥ 1 such that π(n)

ij > 0.
Moreover, if this is the case Π has a unique invariant distribution p? and all rows of Π

are equal to p? (so for any p0 ∈ ∆l we have p0Π = p?).

The previous result still does not rule out cyclicality in the ergodic set. We can get this
under a “mixing” condition.

Theorem 24.3. Let Z and Π as in Theorem 24.1. For n = 1, 2, . . . and j = 1, . . . , l define

ε
(n)
j = min

i
π

(n)
ij and ε(n) =

l∑
j=1

ε
(n)
j . Z has a unique ergodic set without cyclically moving subsets

if and only if for some N ≥ 1 it holds that ε(N) > 0.
Moreover, if this is the case Π has a unique invariant distribution p? and the sequence

{Πn} converges (so for any p0 ∈ ∆l we have lim p0Πn = p?).

Note that π(n)
ij is the probability that state j is reached from state i in n steps. ε(n)

j mea-
sures the lowest such probability, since we don’t know from which state we start from we need
to know that the condition is satisfied for all states. This mixing property is stronger than
the first one since we need there to be at least one column of non-zero elements, guaranteeing
mixing towards one state (j) starting from any state (i), uniformly in time (the same time
(N) for all the initial states).
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24.4 Weak convergence of monotone Markov processes

In the previous section we obtained results characterizing the limiting behavior of Markov
processes when the state space is finite. Unfortunately these results do not extend immedi-
ately to general Markov processes. The problem at hand is to establish when the sequence of
distribution functions {λn}, constructed as λn = T ?λn−1 with λ0 given, converges. We must
first define what it means for a sequence of distributions to converge. The simplest defini-
tion comes in the form of set-wise convergence (the equivalent of point-wise convergence for
functions):

Definition 24.16. (Set-wise Convergence) Let (Z,Z) be a measurable space and Λ (Z,Z)
the set of probability distributions. Consider a sequence {λn} ⊆ Λ (Z,Z), we say that
λn

s.w→ λ ∈ Λ (Z,Z) if λn (A)→ λ (A) for all A ∈ Z.

This notion of convergence is intuitive but it turns out to be too strong for most applica-
tions. The following proposition shows why:

Definition 24.17. Let (Z,Z) be a measurable space and Λ (Z,Z) the set of probability
distributions. Consider a sequence {λn} ⊆ Λ (Z,Z). {λn} converges set-wise to λ if and only
if lim

∫
f (z) dλn =

∫
f (z) dλ for all bounded and measurable functions f ∈ B (Z,Z).

Thus asking for set-wise convergence requires the expected value of a large class of func-
tions to converge. A way to weaken this is to limit the space of functions for which convergence
is required.

Definition 24.18. (Weak Convergence) Let (Z, ρ) be a metric space and Z the Borel set
of Z. Define Λ (Z,Z) as the set of probability distributions. Consider a sequence {λn} ⊆
Λ (Z,Z), we say that {λn} converges weakly to λ ∈ Λ (Z,Z) if lim

∫
f (z) dλn =

∫
f (z) dλ

for all bounded and continuous functions f ∈ C (Z).

The main results we will obtain establish the existence of an invariant distribution under
a continuity assumption on the Markov operator (the Feller property). We can then ensure
uniqueness if the Markov operator is monotone and a mixing condition is satisfied, along
with uniqueness we will obtain the weak convergence of {T ?nλ0}.

In what follows we consider Z ⊆ Rl for l < ∞, with Z the Borel σ-algebra of Z.
The Markov process is characterized by its transition function Q, its Markov operator
T : B (Z,Z) → B (Z,Z) and its adjoint operator T ? : Λ (Z,Z) → Λ (Z,Z). We also
define the inner product 〈f, λ〉 =

∫
f (z) dλ.

We first expand on the Feller property through the following proposition:

Proposition 24.4. The following three statements are equivalent:

i. (Feller property) If f ∈ C (Z) then Tf ∈ C (Z).

ii. If zn → z then Q (zn, ·)→ Q (z, ·) (that is for all A ∈ Z).

iii. If λn → λ then T ?λn → λ
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Then preserving continuity in conditional expected values (Tf is a conditional expected
value) has equivalent statements in terms of the conditional distributions (Q (zn, ·)) and
unconditional distributions (T ?λn). It turns out that continuity is enough to guarantee that
an invariant distribution exists.

Theorem 24.4. If Z ⊆ Rl is compact and Q satisfies the Feller property then an invariant
distribution exists. That is, there is λ? ∈ Λ (Z,Z) such that λ? = T ?λ?.

Yet, continuity is not enough to rule out the existence of many invariant distributions or
of cycling sets. Monotonicity is needed for this. As before it is first useful to take a detour on
what monotonicity (as in Definition 24.4) implies for distribution functions. We then have
to impose an ordering of distribution functions to be able to talk about monotonicity.

Definition 24.19. (First Order Stochastic Dominance) A distribution µ (first order
stochastically) dominates λ (µ ≥ λ) if

∫
f (z) dµ ≥

∫
f (z) dλ for all increasing, bounded and

measurable function f .

In what follows we call a sequence {λn} monotone if λn+1 ≥ λn for all n, or if λn+1 ≤ λn
for all n. We can now establish the following result:

Proposition 24.5. The following three statements are equivalent:

i. (Monotone property) If f ∈ B (Z,Z) is weakly increasing then Tf is also weakly in-
creasing.

ii. Let λ, µ ∈ Λ (Z,Z). If µ ≥ λ then T ?µ ≥ T ?λ.

iii. If z ≥ z
′ then Q (z, ·) ≥ Q

(
z
′
, ·
)
(that is for all A ∈ Z).

The last statement is particularly useful, since it translates monotonicity of the Markov
operator directly into monotonicity of the transition function (“better” states lead to “better”
distributions).

Now we introduce the final condition needed for the main result of this section. It is a
mixing condition akin to that in Theorems 24.2 and 24.3, along with a restriction on the
form of the set Z. To see why it is necessary to go SLP exercises 12.12 and 12.13.

Assumption. The set Z = [a, b] is a closed and bounded rectangle in Rl characterized by a
and b11, and there exists z ∈ Z, ε > 0 and N ≥ 1 such that:

QN (a, [c, b]) ≥ ε QN (b, [a, c]) ≥ ε

Under this assumption it is possible to reach the “upper” region of the rectangle, [c, b], in
finite time starting from the “lower” corner (a), and it is possible to reach the “lower” region of
the rectangle, [a, c], in finite time starting from the “upper” corner (b). It is possible to show
that if one can move through the set from the corners it is possible to do it from anywhere
(under a monotonicity assumption).

11A set Z ⊆ Rl is a closed and bounded rectangle if there are two vectors a, b ∈ Rl such thata ≤ b and
Z = [a1, b1]× . . .× [al, bl].
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Proposition 24.6. Let Q satisfy monotonicity and the previous assumption for some tuple
(c, ε, N), then:

QN (z, [c, b]) ≥ ε QN (z, [a, c]) ≥ ε for all z ∈ Z

Finally we establish the convergence result.

Theorem 24.5. Let S = [a, b] ∈ Rl be a rectangle and satisfy the assumption above. If Q
is monotone and satisfies the Feller property, then Q has a unique invariant distribution λ?
and T ?nλ0 → λ? for all λ0 ∈ Λ (Z,Z).
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